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PREFACE

In the curricular structure introduced by this University for students of Post-
Graduate Degree Programme, the opportunity to pursue Post-Graduate course in any
subject introduced by this University is equally available to all learners. Instead of
being puided by any presumption about ability level, it would perhaps stand to
reason if receptivity of a leamer is judged in the course of the learning process, That

would be entirely in keeping with the objectives of open education which does not
believe in artificial differentiation.

Keeping this in view, study materials of the Post-Graduate level in different
subjects are being prepared on the basis of a well laid-out syllabus. The course
structure combines the best elements in the approved syllabi of Central and State
Universities in respective subjects. It has beén so designed as to be upgradable with
the addition of new information as well as results of fresh thinking and analysis,

The accepted methodology of distance education has been followed in the
preparation of these study materials. Co-operation in every form of experienced
scholars is indispensable for a work of this kind. We, therefore, owe an enormous
debt of gratitude to everyone whose tireless efforts went into the writing, editing and
devising of proper lay-out of the materials. Practically speaking, their role amounts
to an involvement in ‘invisible teaching', For, whoever makes use of these study

materials would virtually derive the benefit of learning under their collective care
without each being seen by the other.

The more a leamer would seriously pursue these study materials, the easier it
will be for him or her to reach out to larger horizons of a subject. Care has also been
taken to make the language lucid and presentation attractive so that they may be
rated as quality self-learning materials. If anything remains still obscure or difficult
to follow, arrangements are there to come to terms with them through the counselling
sessions regularly available at the network of study centres set up by the University.

Needless to add, a great deal of these efforts is still experimental-in fact,
pioneering in certain arcas. Naturally, there is every possibility of some lapse or
deficiency here and there. However, these do admit of rectification and further
improvement in due course. On the whole, therefore, these study materials are

expected to evoke wider appreciation the more they receive serious attention of all
concerned.

Professor (Dr.) Subha Sankar Sarkar
Vice-Chancellor
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1.7 Summary
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1.1 Introduction

In this unit, you will get a glimpse of the basic mathematical principles and
techniques which find applications in the exploration, treatment, analysis and
interpretation of scientific events and phenomena, During the earlier epochs of
development of life sciences, scientific investigations were initially confined largely
to qualitative pursuits such as nature study, search for new species, identifications,
morphological distinctions, macro and micro anatomical structures, fundamental organ
and tissue functions, and systematic classifications of living organisms. But since the
early decades of the last century in particular, quantitative approaches to life science
problems have been developing by leaps and bounds with commensurale increase in
the application of mathematical techniques to the collection, presentation, analysis
and interpretation of biological data; Samuel Brody's monumental book, Bioenergetics
and Growth, eminently deserves mention as a landmark in this field in the early
fifties of the twentieth century. Such mathematical applications largely consist of the
use of biostatistics. Principles and practice of biostatistics have consequenily evolved
considerably and received a high impetus from the emergence of successive computer
generations. Some basic mathematics, currently in practice in life sciences, will find
very brief mention in the present unit.



Objectives

After reading this unit, you should be able to do the following :

® recall some basic mathematical principles and” methods which find use in
biological sciences,

® define and use common fractions, multiples and exponents,

® recall the types, bases and uses of logarithms,

® understand the properties and uses of arithmetic, geometric and loparithmic
series,

® leam the importance and working out of equations of linear relationships,

® know the nature and use of equations and graphs of exponential relations, and

® understand the importance of mathematics in biological work.

L2 Fractions, multiples and exponents

- You may recall here some important points helpful in dealing with common
fractions, multiples and powers or exponents.

1.2.1, Common fractions

A common fraction is a ratio of two numbers: it is constituted by dividing a
number called the numerator with another number called the denominator. Tts basic
properties are as follows, '

(i) If the same number (a) is either added to or subtracted from both the numerator

(X) and the denominator (¥) of a fraction, the latter changes into a new fraction.
Thus, :

X X+a X X-a
g ;. = :
Y Y+a Y ¥Y-n
(ii) If both the numerator X and the denominator ¥ are multiplied (or divided)

by the same number a, the fraction neither changes in value nor equals its product
(or division result) with the constant number a. Thus,

X _ Xa X

Y Ya a?.
(i) A fraction changes in value if both the numerator X and the denominator
Y are either raised to a common power a or reduced to the same root g. Thus,

X, x.  xdX _x, xt
Yy'r' vy i

(iv) A low fraction is formed by adding two fractions with the same denominator;
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for this, their numerators are added together to form a new numerator while the
denominator is left to remain the same as before. Thus,

X,Z_X+2Z
‘ ) i3 A _
(v) Similarly, two fractions with a common denominator can be subtracted from

one another by the subtraction of the numerator of one from that of the other, while
retaining the original denominator. Thus,

(vi) If two common fractions with different denominators (¥ and b) are to be
added to or subtracted from one another, the lowest common multiple (LCM), say bY,
of the two denominators is first computed and then used for working out the resulting
sum or difference between the numerators. Thus.

X a_bX-a¥ X a_bX+aY

Y b b ' ¥Y'b bY

(vii) To form anew fraction by multiplying two fractions, the product of the two
numerators and that of the two denominators constitute respectively the numerator
and the denominator of the new fraction, Thus,

X a Xa

Y'b B

(viii) To divide a common fraction by another, the fraction to be divided is
multiplied by the reciprocal of the divisor fraction, Thus,
X a_X_b_Xb
=deerim e,
Y b Y o Fa

1,2.2, Multiples

If a score ¥ is the multiple of another score X, it means that ¥ is obtained by
multiplying a given value of X by a constant nuraber a : ¥ = aX, Stated otherwise,
Y is considered as a function of X and varies with the value of the latter. It follows
that if there occurs a series of very high or very low ¥ scores, the scale of the latter
may be moderated by downward or upward movement, expressing each ¥ score of
the series as a function of the common denominator X having respectively a very
high or a very low value. Such a change of scale of a series of too high or too low
numbers makes it convenient fo use the series for computation as well as
comprehension. In this way, the series of numbers such as 34300, 35300, 36300,
....etc., may be scaled down to the series 3.43 x 104, 3.53 x 104, 3.63 x 10% ....ete.

You may recall that similar expressions of physical quantities in multiples of 10 are
" followed in the scales of standard international (SI) units.
' 9



1.2.3. Powers or exponents

An exponent or index (i) is any power to which a score X may be raised, while
the score thus raised to a given power is called the base of the latter, For example,
in case of 10¢, the base is 10 while the power or exponent is 4, If the raising of a
score X (base) (o the power a (exponent) pives the product Y, the laiter is a function
of X and varies with the value of the base as also with the value of the exponent; the
relation between ¥ and X may thus be expressed as ; ¥ = Xe. Irrespective of the values
of X and ¥, any Y score may be obtained by raising the base X (o a specific power
or exponent; the latter is not necessarily an integral number, and may even be a
negative, fractional or decimal number. You may, therefore, realise that the ¥ scores
can be expressed as exponential terms dependent on the exponent or power of the
base X. By varying the exponent of an identical base X, a series of ¥ scores may be
converted to a series of respective exponential terms. If the exponential terms have
been derived using the same base, algebraic computations with them become far
more convenient than with the ¥ scores themselves, particularly if the latter scores
are too large or too small, Thus, if Y,, Y, and ¥, scores are changed to exponential
terms X° X°® and X© respectively, using the common base X,

}I};}; = X"X"X“: Xr:-ubﬂ:];

ri-_-'_l.g = xﬂ+xt= X{d—t]; ‘}%=x{ﬂ#§—f}l: |
3

JY}J’-=f‘R_E X{d-%}; IE'JI_";= quF= x[nﬂ‘,ﬁ
3 X< :

1.3 Logarithms

Logarithm of any number ¥ is the exponent, power or index (i) of its exponential
term using a base X which is generally chosen to be either 10 in case of common or
Briggsian logarifhms or the base e in case of natural or Naperian logarithms; e is
an infinitely long number and approximates to 2.7183, The Naperian logarithm (log,
or In) of any number X is related to the logarithm (log) of that number to the base
10 in the following way : :

log, X or In X = 2.303 logX.
If any score ¥ has an exponential term X‘ and if X is made the base of a set of
logarithms, then the logarithm of ¥ to the base X (log ¥) would be given by the index

i of the corresponding exponential term of that ¥ score. Thus, logarithms to any
chosen base — even other than 10 or ¢ — can be worked out and used,

10



Every logarithmic number is a decimal number with one part called the
characteristic and another part called the mantissa, respectively preceding and
following the decimal point. While the mantissa is always positive, the characteristic
is either zero or an integral number which may be either positve or negative, the

negativity being indicated by a superscript bar above the numerical value of the
characteristic.

1.3.1. Using the comumon logarithm table

The logarithmic table is used to find the log X of a given X score under
consideration. Ignoring any decimal in the number X, the first 4 figures from the
table, corresponding to the figures of the given number X, are noted as the mantissa,
reading the figures of X starting from the extreme left column of the table and then
moving to the right along the corresponding row. A decimal point is now placed on
the left of the first figure of the noted mantissa.

Next, the number of figures is counted on the left of the decimal point in the
original X score. If that figure consists of a single digit, zero is entered to the left of
the decimal point before the noted mantissa; but if iwo or more digits occur on the
left of the decimal point in the score X, then the number, less by 1 than that number
of digits in X, is entered on the left of the decimal preceding the mantissa, in case
only a zero precedes the decimal in the original X score, then the number to be
entered before the decimal of the mantissa should exceed by 1 the number of zeroes
following the decimal in the X score, and should bear a superscript bar to indicate
the negativity of the logarithmic number. Thus,

log 111.4 = 2.0453; log 11,12 = 1.0461; log 2.429 = 0.1750;
log 04952 = 1.3127; log 0.0731 = 2.5383.
For any logarithmic number log X, the original X score corresponding to the

latter is called its antilogarithm. To find X from log X, the antilogarithin table has
to be used : X = antilog (Iug X). For this, the numher corresponding to the mantissa
of the logarithmic number is oted from that table; then, considering the figure in the
characteristic of the logarithmic number and following a procedure reverse to that
used in recording the characteristic, a decimal point is inserted in the noted number
corresponding to the mantissa, Thus, for the common logarithms to the base 10

(log,X) :
antilog 0.6207 = 4.176;  antilog 1.5935 = 39.22;
antilog 1.6554 = 0,4523; antilog 2.5540 = 0.0358.

1.3.2. Logarithms in multiplication, division and power

Logarithmic procedures for these computations are like those using expnhcnts
(see Section 1.2.3). Thus, using X and Y secores,

11



X

XY = antilog (log X + log 1) y = antilog (log X - log Y);

X" = antilog (Y log X); ¥* = antj]ug (X log Y,

Y¥x = antilog [l-u-}ﬁ] y 4y = antilog [Ii;l] .
Example 1.3.1.

Solve the following using common logarithms :

7-251°+2.952
4:351%16+35 + 4.043

Solution :
log (numerator)

il

log (7.251° + 2,752) = 3 log 7.251 - log 2.752
= 3 x 0.8604 - 04396 = 2.1416.

log (denominator) = log (4,351 x 16,35 ~ 4.043%)
= log 4.351 + log 16.35 — 2 log 4.043
= 0.6386 + 1.2135 - 2 x 0.6067 = 0.6387.

log [d::::_::::r] = log (numerator) - log (denominator)
= 2.1416 - 0.6387 = 1.5029.
31.84,

n

antilog 1.5029

1.4 Arithmetic and peometric progressions

Some important aspects of these two series or progressions are mentioned below,

1.4.1. Arithmetic progressions

Each arithmetic progression (AP) consists of a sequential arrangement of real
numbers in a series in which successive numbers differ from each other by an identical
number. Whatever be the position in the series where a pair of such successive
numbers is located, the difference between any two successive numbers would be the
same and is called the constant difference (d), Any term in an AP, except the first
one (X ), is given by the sum of the immediately preceding term or number and the
constant difference o of the series, Examples of such series are : 4, 9, 14, 19, 24,....;
15, 10, 5, 0, =5, ~10,.....; 0.35, 0.76, 1.17, 1.58, 1.99, ....... ; the constant difference
amounts to 3, -5 and 0.41 in them, respectively. The numbers in an AP series would
be in an ascending order if d exceeds 0 and in a descending order when d is lower
than 0. !
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It follows that in an AP series, viz, X, X, X,, X, where d is the
common difference and k is a positive integer, the Icf]l t::m (Jif ) is given by :
X =X +(k-1)d.

lfanAPhaﬁXI,X and X, asdwﬂcofnsmnm,then X,-X=X,-X,=d,

X+ X
or, .Uiz = X| + X, o X, = ! 5 L | Thus, X, is the arithmetic mean (AM) between

X, and X, If X, and X, are two real numbers, any number of arithmetic means gan
be inserted between them,.

Also, if X, X,, X, .....X, form an AP, a constant number (¢) can be added to,

subtracted frum muit:plled wﬂh or used in dwu:lmg each term of that series; to form
other AP sequences like ;

X X Xy Xy,
S Ty e
X+, X, + ¢, T X +.0; X—¢ Xr-v¢ Xy =€) s X = C.

If d is the common difference, and X, and X, are respectively the first and the
kth terms of an AP, the sum of the first k number of terms is given by :

X+ Xt X)) =%[2x, +(k-1)d] = %{X, +X,).

For scores of a variable like length and mass, that differ arithmetically from each
other, scales ‘are used with divisions arranged in arithmetic progressions.

1.4.2. Geometric progressions

Each geometric progression (GP) consists of a sequential arrangement of non-
zero real numbers in a series in which the successive numbers form a constant ratio.
Except the first term or number of every series, each of the other terms is given by
multiplying — not by adding — a constant non-zero real number with the preceding
number of the series; this constant non-zero real number, with which to multiply each
term to get the next term, is called the common ratio (r) of that series and i is obtained

by dividing the number of any term by 1hal of the preceding term :
T S 2

XX Xea

Moreover, the a.riizht:mcﬁc difference between two sﬁccessive terms varies with
the location of that pair in the series, Examples of GP are : 3, 9, 27, 81, ...... . and
48,12,3, 3y 1c e
immediately preceding term by the common ratio 3, the ratio of each two successive

« . In the first series, each term is obtained by multiplying the

1 - . .
terms amounts to 3 and differences between the terms of the three successive pairs
13



amount respectively to 6, 18 and 54; in the second series, each number i obtained

by multiplying the immediately earlier one by the common ratio 71-, the ratio of

successive lerms amounts to 4, and differences between the terms of Successive pairs

amount 'rcspcclivaly to ~36, -9, —2% and hi !

Where the common ratio () is positive and higher than 1, a GP of positive terms
has its terms arranged in an ascending order (e.g., the first series quoted above) while
a GP of negative terms has its terms in a descending order. On the contrary, a GP
of positive terms has its terms decreasing progressively (e.g., the second series quoted
above) while that of negative terms has its terms increasing progressively, if the
common ratio is positive but lower than |.

If X, X,, ......X, form a GP, other GP sequences are formed by treating each of '
those terms, as follows, with a constant ¢,

Ay X X X
_.'l_:|_:I ---------- _h; CxF f.'x]. t’.‘xl, ......... ﬂX*
(A - &

—E-'-.-'r—. ot Pl t‘x*,cx‘ ......... cx
X XX, P, ¢

Ii X, X, and X, are in geometric progression as three of its terms, X, is the
geomelric mean (GM) between X , and X,

If r 1s the common ratio, X n Xy, and X, ace respectively the first, (k—1)th and
kth terms of a GP, and k is a positive integer, then the kth term is given by :

; Xy =X, e
Also, the sum of the first k number of terms of the GP is given by :
xi(rt-1)
E[X|+X2+...,..,..+Xk) = —T:I—-—‘

Differences between an AP and a GP would be clear to you on comparing the
statements in Sections 1.4.1 and 1.4.2. '

It follows that the numbers forming the successive ferms of a geometrical series
follow a progressive exponential change. For example, the GP of |1, 2048 Moo :
may be considered as 2°, 2! 22 22 2¢ 1 80, using any base for logarithms of the
terms of a geometric series, the latter may be changed into a logarithmic series in
the form of an arithemetic progression, such as 0,1,2,3,4, ... in case of the GP
quoted above. =

For variables whose values differ exponentially, scales are used with their divisions
arranged in the forms of geometric progressions,

14



Example 1.4..1.

(a) Work out the 6th term and the sum of the firit six terms in each of the
following series ; (i) 4, 9, 14, ......... s (ii) 3, 9, 27,

(b) Change the following geometric serics to a2 common logarithmic series : 10,
100, 1000, 10000, .......

Solution ;

|||||||

(a) Xg and E. :

(i) The series 4, 9, 14, ...... constitutes an AP,
d=X-X =9-4=5 k=6
X, = Xt (k-1)d=4+(6~1)5=29,

(X ¥ X2+.....,,....+X*}=%[2Xl +(k-:l}d]=g{2x4+(6—l}5] —99.

k G
or, T(X,+ KaFurmirent Xy ) = E(J{I +X,)= _2.(4_4.19) =09,
(ii) The series 3, 9, 27, ..... constitutes a GP.

r=ﬁ=2=3 k=ﬁ-
i -

X,=Xr~=3x3' =720

(b). Change to log series :
GP :.10, 100, 1000, 10000, .......
Exponential form : 10!, 10%, 10°, 104, .......
Logarithmic series : 1, 2, 3, 4, .........

1.5 Equation for straight'line _

Where two events (X and ¥) bear such an association with one another that equal
changes of one are accompanied by uniform changes of the other, the rate of changes
of the latter does not vary with the changes of the former, and the plotted points of
their scores irt a number of cases lie distributed on or close to a straight line. Such
an association is called linear, and either variable may be considered as a linear

function of the other. Such linear relations can be graphically represented by plotting
 straight lines, using the following linear equation (Fig. 1.1) : ¥ = a + bX. In this

15



equation, b is the slope of the line; it is the measure of the average rate of change

of the variable or event ¥ scaled along the ordinate (y-axis) for unit changes of the

event X scaled along the abscissa (x-axis). The higher the value of b, the steeper is
r .

L3

. = X
Fig LY. A straight line graph showing its slope (D) and its y-intercept (a).

the gradient of the line and the higher is the magnitude of the average rate of change
of ¥, associated with unit changes of X. The algebraic sign of b indicates the relation
between the directions of changes of the two events; a positive b indicates the
simultaneous rises (or falls) in the values of both events with a consequent ascending
gradient of the line, while a negative b signifies the changes of the two events in
opposite directions with a consequent descending gradient of the line.

The term a gives the y-intercept of the line and indicates its general level, It may
be defined as the expected value of ¥ when X amounts to zero, and depends on the
slope b of the line — rise end fall in the value of b are associated respectively with
the fail and rise in the y-intercept,

Any point on the line is located by its perpendicular distances, called its co-
ordinates, from the y and x axes, If the plotted points of. ¥ versus X lje dispersed
around the line, the latter is drawn using the method of least squares so as to keep
the sum of squared vertical distances of the plotted points from-the line at a minimum
— in other words, the line drawn using the dispersed points would be the best-fitting
straight line for those points, Examples of three such linear plots are given below,

(i) Rate of diffusion (J) of a solute across a thin permeable membrane is a linear
~ function of the change (An) in its concentration across that membrane, Scaling J
along the y-axis and An along the x-axis, and plotting J against the corresponding An
values, we get a straight line which has a slope P equalling the permeability coefficient
for the solute and its y-intercept at the origin of the y-scale, i.e., at zero values of both
Jand An (X' =0, ¥ = 0). This line is given by the following linear equation (Fig.1.2) :

16



J = PAn, or J’.f_~ O + PAn,
which conforms to the equation ¥ = g + bX, where a or the y-intercept is zero.

+ Slope =P

0 An

Fig 1.2. Linear plot of diffusion rate (J) against the transmembrane solute concentration gradient
{An), [From D, Das, Biophysics and Biophysical Chemistry, 6th ed., Academic Publishers, 2007,]

(i1) Lineweaver-Burk double-reciprocal plot expresses the linear relation between |
the reciprocals of the initial velocity (V) of enzyme action and the substrate
concentration [S], Where V__ is the maximum V, with saturating [S] concentration,

. i : i | 1

and K_ is the [S] for attaining -%-\Fm. the linear equation of 3 Versus fﬂ is as
follows : ¢
Vo Vo Vour IS _

On scaling 1/V, and 1/[S] along respectively the y and x axes, and plotting 1/V,
against the corresponding 1/[S] values, we get a straight line having K /V_ as its
slope, 1V, as its y-intercept and =1/K _ as its x-intercept (Fig. 1.3).

(iti) Eadie-Hofstee plot also expresses the lincar relation between V, and [S]
using a different linear equation. (Fig, 1.4). :

Vo= Vou = 2K,
| : 5] A§

On scaling V, and V/[S] along the y-axis and the x-axis respectively, and plotting
V, against V /[S) values, a straight line may be drawn (Fig. 1.4). The slope of the
straight line, drawn using the linear equation quoted above, is downward and amounts
to —K_, the y-intercept is V__ and the x-intercept is V' /K .

17



Fig 1.3. Double-reciprocal plot, [From D. Das, Biochemisiry,
12th ed,, Academic Publishers, 2005.)

1.6 Equation for exponential curve

Exponential relation between two variables or events (X and ¥) can be expressed
by an equation using the base (¢) of natural logarithms and two constants (Zand k) :

o AT

Vo o

o oA ]

Fig 1.4. Eadie-Hofstee plot. [From D. Das, Biochemisiry, 12th ed,, Academic Publishers, 2005,)

Y = Ze™. This equation is the basis of :xpn_nentlat equations used for graphical
representations of exponential distributions. It expresses the scores of an event Y as

18



the exponential function of the scores of another event X, Where the exponent X
bears a positive algebraic sign, as in the equation Y = ¢ the exponential curve
obtained by plotting ¥ against the corresponding value of X is an ascending one with
the pradient of its slope rising progressively with the rise of X, and with its ¥-
intercept at the value 1 of the ¥ scale on the y-axis. This ascending exponential curve
-thus shows the Y scores increasing exponentially with the rise in values of the
positive index X. Such ascending curves result from plotting ¥ against X where ¥ =
e, as in the case of systems obeying the law of continuous growth linking any event
with the positive exponent of the base e of natural logarithm, Examples of such
curves are those for rises in bacterial counts in bacterial cultures with time (Fig, 1.5).

B0

R

204

X ———

Fig 1.5. Ascending exponential curve (Y=¢") of rise in bacterial count in bacterial culture.

On the contrary, if the power or exponent bears a negative algebraic sign to
change the equation into ¥ = Ze~*, the exponential curve of ¥ against X is a descending
one, Thus, for the equation Y =' e, a descending exponential curve results with a
downward slope, having a progressively decreasing gradient with the rises in X, This
curve depicts an exponential decrease in ¥ scores with the rise in values of the
negative exponent or power. Stch descending curves result from plotting ¥ against
X where ¥ = &% as in the case of systems obeying the law of continuous decay
linking any event with the negative power of e. An example is the exponential
decling in the relative activity (A/4 ,) of a radioisotope with time, A, and A being
respectively the original activity and the activity left after a time interval (Fig. 1.6).

For the equation Y = &%, log Y to any base like e or 10 may be plotted against
the exponent X to transform the exponential curve of ¥ against X into a straight line.
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The latter may be ascending or descending according to the positive or negative
algebraic sign of the exponent and has its y-intercept at the origin of the ¥ scale (X
=0, Y = 0); the slope of the line equals 1 on using log, ¥, but amounts to |/constant

i
1.0k

4
A,
0.5

Half life

.0 \ Time (1)

Fig 1.6, Descending exponential curve (Y=e—*) of decline in relative activity (AZA) of a
radioisotope with time (#). [From D. Das, Biophysics and Biophysical Chemistry, 6th ed.,
Academic Publishers, 2007,

on using log ¥ to any base other than e (Fig, 1.7). Accordingly, the equation for the

straight line would be In ¥ = X in the former case, and log Y=X/ constant in the latter
case. For example, where N, and N are the numbers of radioisotopic nuclei respectively

L 3

log (N,/N)

v

Time (1)

Fig L.7. Linear relationship between log (N,/N) and time 1, [From D, Das, Biophysics and
Biophysical Chemisiry, 6th ed., Academic Publishers, 2007.] i

at the initial stage and after a time interval ¢ (i.e., 1 = X), and X is their decaying
constant (i.e., A = k), the exponential expression ¥ = e"*may be transformed into a
linear equation using N, /N as Y.
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Y =& or %{I:ﬂh, or ln%ﬂr-?n.:.

N N, At
or, 2,303 lug_ﬂN =M\, Or lug—QN =503

On scaling log (N,/N) and t along the ordinate and abscissa scales respectively,
a straight line is obtained with a slope of A/2.303 (Fig. 1.7),

1.7 Summary

Common fractions, multiples and exponents have been defined and their properties
briefly recalled in this unit, Common and natural logarithms have been defined and
basic uses of common logarithm have been described,

Arithmetic, geometric and loparithmic progressions have been explained and
their basic properties have been described with examples.

Equations for straight lines and exponential curves have been described briefly.
Transformation of an exponential curve into its linear form has been explained using
an example.

1.8 Terminal questions

1. (a) Explain what you understand by exponents and multiples.
(b) Describe the equations and properties of exponential curves.

(¢) Describe with an example how you would transform an exponential curve
into a straight line.

2. (a) Give an account of arithmetic progressions and their basic properties,

(b) Explain what you understand by common and Naperian logarithms. How
do you use common logarithms for powers and multiplications.

(c) Write briefly about asccﬁding and descending exponential curves, citing
examples.

3. (a) Define geometric progressions and discuss their basic properties.
(b) Write briefly about the equation and graphic properties of a straight line.
(c) Give three examples of linear graphical plots.

1.9 Answers

1. (a) See Sub-sections 1.2.2 and 1.2.3.
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(b) See Section 1.6.
(c) See the last two paragraphs of Section 1.6.

. (a) See Sub-section 1.4.1.

(b) See Section 1.3 and Sub-section 1.3.2.
(c) See the first two paragraphs of Section 1.6.

. (a) Sec Sub-Section 1.4.2.

(b) See the first three paragraphs of Section 1.5.
(c) See paragraphs (i), (i) and (iii) of Section 1.5.
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Unit 2 0 BIOSTATISTICS : GENERAL PRINCIPLES

Structure

2.1 'Introduction
Objectives

2.2 Biostatistics and its aims
2.3 Variables

2.4 Population and samples
28 Sampling

2.6 Parameter and statistic
2.7 Summary :

2.8 Terminal questions

2.9 Answers

2.1 Introduction

You will learn in this unit what biostatistics is, and how it may be used in the
study and investigation of life sciences such as zoology and allied disciplines. You
will know about different types of variables such as events, properties, organisms,
objects and characters, the variations and interrelations of which are explored and
assayed in experiments, using statistics for interpretation of observations. You will
get (o understand the difference between a population and a sample, and why and
how samples are drawn from a population for scientific investigations. You will be

told about different types of statistics and how they are used as estimates of population
parameters. -

Objectives .
After studying this unit, you will be able to do the following :
® define biostatistics and summarize its basic applications,
® understand the natures of variables studied in biological experiments,
® define population and explain why samples drawn from the population are
used in representing the latter in sciéntific studies,
® choose and use different methods of drawing representative samples from a
* population, and -
® define parameters of population and understand different types of sample
statistics used as estimates of the respective parameters.
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' 2,2 Biostatistics and its aims

You may be aware that stafistics is the science which applies mathematical .
principles, models, laws and methods in the scientific- designing of experiments and
investigations, drawing of samples, conducting surveys and experiments, collecting
data from samples, presenting the data in meaningful forms, and interpreting the
experimental data to draw inferences from the investigation undertaken,

Biostatistics is that discipline of statistics which applies mathematical laws,
principles, models and methods for exploring, studying, describing, analyzing and
interpreting events, natures, properties, changes and problems of living organisms,

2.2.1. Aims or basic applications of biostatistics _

Biostatistics is used for the following: purposes :

(a) planning an experimental design statistically, minimizing experimental errors,

(b) determining the reliability of the proposed experimental test or method for
measuring a specific variable consistently,

(c) determining the validity of the proposed experimental test from its ability to
measure a specific variable in exclusion of other similar variables,

(d) working out the minimum size of a sample as is necessary in making
dependable inferences from the experimental observations,

(e) drawing an unbiased sample, representative of the chosen population, by
random sampling methods depending on the laws of probability,

(f) presenting the experimental data in properly arranged, grouped, tabulated,
graphically plotted, diagrammatically displayed and easily decipherable forms for

universal communication, common perception and subsequent systematic mathematical
treatment,

(g) working out mathematically whether the probability is too high or too low
for the occurrence of the observed result due merely to random sampling by laws of
probability, and inferring therefrom whether or not the result is significant and fit for
generalization in the entire population,

(h) finding the probability of error in inferring that the observed result is
significant,

(i) working out the degree and direction of association between two or more
variables, and - '

() predicting the probable score of a chosen variable in an individual from the
observed score(s) of one or more associated variable(s) in the samie individual.



2.3 Variables

Anything that varies or undergoes changes is called a variable. The latter may
be a property, an event, a character, or a phenomenon. A variable may undcrgu
variations either qualitatively or in quantity. It may change from time to time in the
same animal, organ, cell, organelle or site; such a change is called a remporal variation:
for example, the change of body weight of an animal from day to day. A variable may
also vary at the same instant from case to case, organ to organ, cell to cell or place
to place; such a change is called a spatial variation; for exmple, the difference in
body weights of two animals at the same moment, It is important to know about
different classes of variables because the application of a statistical method or test
depends on the specfic class of the variable. '

2.3.1. Classification according to nature

Variables may be distinguished into four main classes, viz., nominal, ordinal,
continuous measurement and discontinuous measurement variables, accnrdmg to their
distinctive properties or characteristics.

(a) Nominal or qualitative variables : Individuals or cases of a population differ
qualitatively with respect to such a variable; but their differences in such a variable
cannot be measured or expressed quantitatively in amounts, nor can the individuals
of a sample or population be graded in ranks in ascending or descending order for
the variable. You may, however, identify whether the individuals are identical or
different from each other with respect to a nominal variable. Examples include sex,
race, skin color, fur color, etc,

(b) Ordinal or ranked variables ; These varigbles also cannot be measured -
quantitatively in any individual; but the individuals can be distinguished as higher or
lower than each other with respect to such a variable, and can consequently be ranked
in ascending.or descending orders. However, by how much two cases differ from
each other, cannot be worked out. Examples include ferocity, atientiveness, alertness
and docility.

{c) Continuous measurement variables : These variables can occur and be
measured quantitatively, not only in whole numbers of units, but even in infinitely
small fractional units, Thus, there cannot exist any such gap in their scales where no
score is located, Moreover, it can be measured quantitatively by how much the score
of one case is higher or lower than that of another. Examples include length, mass;
volume, temperature .and time,

(d) Discontinuous or discrete measurement variables : These variables can also
be measured quantitatively; by how much one case is higher or lower than another,
can also be worked out, But these variables exist and are measurable in only whole
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numbers of units; as they cannol occur in any individual in fractional units, there
exist real gaps in their scales where no score can oceur, Such variables include cell
counts, litter sizes, finger digit numbers, respiratory rates, heart rates, etc.

The two afore-mentioned measurement variables have one of two aliemative
scales. (i) Ratio scales of many variables such as length, mass and volume possess
true zero points and a ratio of two scores of such variables can be worked out. (ii)
Interval scales of some variables such as temperature have no true zero points —

these scales start from arbitrary zero points and a ratio of to scores of such variables
cannol be worked out,

2.3.2, Classification in experiments

An experiment is the investigation into the anticipated changes of a single specific
variable in a chosen sample or group of cases, on their ¢xposure {0 one or more other

variables. Variables involved in an experiment may be classified as follows, irrespective
of their aforementioned classes,

(a) Dependent variable : The single specific variable, whose anticipated changes
are studied or measured in an experiment, is the dependent variable in that experiment,
S0, in an experiment to study changes im oxygen consumption in a sample of insects
on exposure {0 a pesticide, oxygen consumption is the dependent varable,

(b) Independent variable ; The variable(s), one or more in number, which is/are
applied to the cases of a sample to study the anticipated consequent change of the
dependent variable, may be called the independent variable(s) for the relevent
experiment, In the experiment cited in the preceding paragraph, the levels (viz,
doses, amounts, volumes, intensities, magnitudes, etc.) of the pesticide constityte the
lone independent variable. Independent variables in experiments may belofig to two
types. (i) Fixed experimental ireatments are under the strict control of the investigator,
are applied on the cases of the sample in well-planned manner and precise doses or
amounts, and do not suffer from random fluctuations or random errors; ¢.g,, doses
of applied pesticide, amounts of injected hypoglycemic agent, etc, (ii) Classificarion
or random variables are beyond the control of the investigator, may occur naturally
in the surroundings, environment, naturally inherited penes, etc., and are free lo
suffer from random errors; e.g., sex, atmospheric 0, tension, habitats or environmental
temperature, to which the cases of a sample may get naturally exposed.

(¢} Relevant variables : These are some variables which occur in the experimental

system, though not intended by the investigator to be applied on the subjects of the
sample. They may occur in the subjects themselves (subject-relevant variables), or
in the environment and experimental situation (situational-relevant variables), or in
the sequence of exposure of the subjects to the levels of the independent variable

(sequence-relevant variables), and may affect the dependent variable to vitiate the
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experimental result. Examples include age, sex and body weights of experimental
animals (subject-relevant), pH, ionic strength and temperature of the medium or
lissue preparation (situational-relevant), and the order of injection of different levels
of a hypoglycemic agent (sequence-relevant). Relevant variables should be eliminated
or kept constant as far as possible, to exclude their effects on the dependent variable,

2.4 Population and samples -

Experiments are done with samples drawn from a specific population.

. 2.4.1. Population

For any experiment, the population consists of the entire aggregaie of all such
living organisms, inanimate objects, cases, events or phenomena as possess or-exhibit
at that time the specific dependent variable for the experiment or investigation. For
example, for an experiment on the blood sugar of pancreatectomized rats, the
population consists of all existing pancreatectomized rats on the earth; for working
on O, consumption by a species -of dragon flies, all insects of that species living
anywhcrc at that time constitute the population,

Populations belong to two broad classes,

(i) Infinite populations are so.immensely numerous and so widely dispersed that
all the members cannot be reached or counted; e.g., the population of tyve I diabetic .
children or that of Jersey breed of cattle.

(ii) Finite populations consist of such small limited number of cases located
within a given narrow area that all the members of such a population may be reachid
and counted to get its precise size; €. B the population of pollutant-affécted paﬁcnts
of Bhopal gas disaster, or that of a rare species of salamanders ncr:,urnng in the
waterbodies of a small area of Darjecling district.

A population, whether finite or infinite, retains its identity with an identical size
and unaltered properties, only so long as its members do not undergo any addition,
deletion or any other change.

2.4.2. Samples

Because of the vast resources and long durations required for covering the entire
population intended to be investigated, and also because of chances of unmitigated
errors owing to accidental omission of some of its members from the study, an entire
population is seldom subjected to any experiment or investigation. Instead, a small
group of a limited number of individnals or cases, called a sample, is so chosen at
random from the population by laws of probability as to be representative of that
population with respect to the variable under investigation; such a representative
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sample is then subjected to the intended investigation, The experimental observations _
of that investigation are then tested statistically to find their significance. If there is
adequate probability of significance of the obtained result, the findings are sought to
be generalized in the entire population,

Following criteria have to be gratified in a sample, if it is to be used in an
_invustigatiun or experiment as the representative of the relevant population. (i)
Individuals or cases must be included in the sample by being chosen at random from
the population depending on laws of probability, so as to ensure the conformity
between the population and the sample regarding the proportions of different types
of cases. (1i) Vanations of scores in the sample should closely conform to the variations
of such scores in the population. (iii) Values of any statistic (e.g., mean and variance)
of scores of different samples from the population should be so closely distributed
that their arithmetic average may be identical with the corresponding population
value or parameter (e.g., population mean), (iv) Scores of the variable should be
distributed in the sample in conformity with their distribution in the population.

2.5 Sampling

Evidently, for generalizing the findings in a sample for the entire population, the
sample should be representative of the latter. You have already leamnt about the
criteria to be fulfilled by a representative sample, These criteria depend largely on
unbiased sampling. Some methods of sampling are briefly described below.

2.5.1. Judgement sampling

In this method, the investigator depends upon his personal judgement in
considering some cases with specific propertics as representing the population with
respect to the intended dependent variable, and chooses arbitrarily some of such
cases for inclusion in the sample. Such conscious or unintended subjective preference
for some ind.viduals or cases of particular types confines the sampling to only specific
types of individuals, excluding other types of them from the chance of getting chosen
for the sample. Such judgement sampling has a high probability of not drawing a
representative sample from the population and is suitable neither for making inferences
about the latter, nor for working out sampling errors of statistics computed from
sample data,

2.5.2. Probability sampling

In this method, the choice of individuals from the population for inclusion in the
sample is left entirely to mathematically devised methods of random sampling by
laws of probability. No scope or role is left for the investigator or any other person
to choose any case deliberately or arbitrarily; this minimizes the element of bias in

28



the sample: Instead, cases of different types have the probabilities of random choice
commensurate with their respective frequencies or proportions in the population and
independent of the choice of each other. Such probability sampling should yield
samples, consisting of different types of cases in such relative proportions as in the
population, being fairly representative of the population, and suffering from litile or
no bias. According to the population used and the intended purposes, probability
sampling is designed in different ways,
(a2) Simple random sampling :

If the sample has to be drawn from a small, finite and homogeneous population,
not divided into distinct strata or sections, random sampling has to be done from the
ehtire population taken together, choosing at random the requisite number of individuals
for the sample successively out of all the individuals of the population. Thus, (i) each
individual of the population enjoys an identical probabiliry of choice at every slep of
sampling, (ii) each is chosen at random depending on the laws of probability, (iii)
each gets chosen totally independent of the choice or omission of any other individual,
(iv) no individual suffers from any subjective selection or rejection of any other
individual, and (v) nor does any choice depend on any other quality or property.
These should lead to the conformity between the proportions of different types of
cases in the sample and those in the entire population,

In the unsophisticated card drawal method of simple random sampling, the
sample size to be required for the experiment is first worked out statistically; all
individuals of tha population are then given successive serial numbers which are
entered individually on separate cards; all those cards are mixed up in a container,
and the requisite number of cards are next successively picked up blindly from that
container, Individuals whose cards are so drawn are included in the sample.

Choices may be made for random sampling in two alternative ways. (i) In the
with-replacement method, an individual once chosen is again included in the cases
still left for subsequent choices and is, therefore, again considered for the subsequent
choices. Thus, the probability of choiee of each individual remains unaltered from
choice to choice. However, it would create difficulty for the practical use of a sample
if the same individual gets chosen more than once. (ii) In the without-replacement
method, an individual once chosen is excluded from subsequent choices so that the
probability of getting chosen rises progressively at successive choices; however, this
rising difference in the probability of choice may be ignored as too small because of
the much larger size of the population than the sample.

In a more scientific random number method, after giving identity numbers serially
to all members of the population, individuals are chosen in the same order as the

successive numbers, arranged at random in any chosen part of a random number
table.

29



Simple random sample would not give a representative sample if a small sample
is to be drawn from a stratified population with relatively low proportions of cases
in one or more strata having different sizes and characters.

(b) Stratified random sampling :

If the population is large and heterogeneous, divided into distinct strata differing
in properties and sizes, a proportional stratified random sampling is used in drawing
a representative sample. This consists of the vse of simple random sampling separately
for each stratum. First, the required total size of the sample and the proportion of
each stratum in the population are worked out, Next, simple random sampling is
applied separately on each stratum to draw that number of individuals from it as
corresponds to ils proportional size in the population. All individuals of a stratum
have an identical probability of getting chosen for the sample; but this probabiljty
varies from stratum to stratum according to their respective proportional sizes in the
population,

For example, to draw 2 sample of 150 cases from a population having three
strata (A, B and C) with the respective proportional sizes of 0.50, 0.40 and 0.10,
simple random sampling should be undertaken separately from each stratum to draw

respectively 150 x 0.50 or 75, 150 x 0.40 or 60, and 150 x 0.10 or 15 cases from
A, B and C to constitute the sample,

(c) Multistage .mmpfl'ng_:

A vast population, dispersed over a wide area, may be sampled by this method.
Preferably depending on some pre-existing stages, the vast population is arranged
stepwise into a number of levels, leading ultimately to the level of individuals.
Simple random sampling is then applied at each of these levels. For example, to draw
a sample of Lubeo rohita fishes from waterbodies of West Bengal, three districts are
chosen at random at the first stage out of all the districts; at the second stage, three
walerbodies are chosen at -andom from all the waterbodies of the three chosen
districts; finally, at the third stage, forty fishes are sampled at random from each of
the three chosen waterbodies to constitute a sample of 120 fishes,

(d) Fixed interval sampling

Sometimes, individuals of a population may arrive; occur or get naturally arranged
in a systematic sequence; e.g., netting of successive butterflies from the air by an
insect collector, angling of successive fishes in the fishing line of an angler, or arrival
of successive patients at the oul-patients department of a hospital, Fixed interval
sampling consists of simple random sampling of cases depending on such a sequence
of their random occurrence, appearance or arrival. To start with, any particular
individual or case is chosen at random as the first one from the sequence of cases.
Simultancously, an interval is chosen at random as the gap between subsequent
successive cases for the purpose of choices. Each subsequent case is next cliosen as
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it occurs in the given sequence after the preceding chosen one and separated from the
latter by the chosen gap. For example, the fifth fish collected may be chosen as the
first member of a sample and thereafter, every seventh fish is chosen maintaining a
gap of six fishes between each pair of choices, This is continued until the requisite
number of cases have been collected for the sample. However, this type of sampling
may fail to yield an unbiased representative sample if' the cases have been initially
arranged in order of a characteristic related in any way to the variable to be investigated,

(e) Purposive sampling ;

Random sampling is sometimes deliberately resiricied to a particular section of
the population so long as it is justifiable and logical to assume a truly representative
. nature of that section for the entire population, and the exclusion of its other sections
is not anticipated to affect adversely the generalization of obtained results aver the
whole of the population,

(f) Incidental sampling :

In this method, random sampling is kept confined to. a particular section or
stratum of the population because of reasons like ready availability, easier manipulation
and lower cost, instead of attempting to maintain or improve the representative
nature of the sample. Such sampling should not be preferred for any investigation
because it would seldom turn out a sample representative of the entire population,

2.6 Parameter and statistic

You may easily realize that as such, the experimental data consisting of one or
more sets of numerical values or scores can hardly communicate much of precise and
meaningful information or contribute much in comparing, analyzing and interpreting
the observations, For these, the individual scores have to be presented, on one hand,
in classified, tabulated or graphical forms while, on the other hand; some summary
values like the mean and the standard deviation have to be worked out from those
scores for further analysis and interpretation. While the presentation of data will be
described in the next unit, you will be introduced in this unit to the basics of such
summary values, also known as numerical indices, and will also get an initial idea
of their roles in biostatistics. :

2.6.1. Parameter

] Parameters serve as measures of different cha.racir:nsur:x of a varable in a
population, and consist of numerous summary values like the mean and the variance,
worked out from the scores of the entire population. Parameters of a population
remain unchanged so long as the relevant population exists as such, but may differ
" from population to population. You are aware, however, that seldom do we work.
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with an entire population (see Sub-section 2.4.2): our investigations are generally
undertaken with samples drawn from the population we want to stdy. Whenever we
work with a sample, the summary values of the scores obtained from the latter are
used as estimates of the respective parameters of the corresponding population, Two
types of such estimates of parameters may be worked out - (i) a point estimate is a
single summary value (staristic) of the sample, directly accepted as an estimate of the
population parameter; ¢.g., a sample mean is the point estimate of the corresponding
parametric or population mean; (ii) an interval estimate or confidence interval consists
of a range of scores around a summary value (statistic) of a sample, within which the
population summary value (parameter) has a given probability of occurrence: e.g., a
95% confidence interval has a probability of 0,95 for inclusion of the parametric
mean.

2.6.2. Statistic

Statistics (singular ; statistic) serve as measures of different characteristics of a
variable in a sample, and consist of numerous summary values like the mean and the
variance, worked out from the scores of that particular sample. As the individual
scores vary from time to time in the same sample and also at the same instant from
sample to sample drawn from the same population, any statistic varies temporally in
the same sample and also spatially between samples of the same population,
Consequently, a particular type of statistics (e.g., the sample mean X) of different
samples differ from the parameter (e.g., the population mean ) by different amounts
called the sampling errors (s) : s, = X ~ y1. Because of their different sampling
errors, the statistics (e.g., X) of samples lie dispersed around the parameter (e.g., L)
of that population in the form of a sampling distribution with the parameter as its
mean,; e.g., a sampling distribution of sample means X) around the population mean
(1). it also follows that the statistics of different samples from a population serve as
different point estimates of the same population parameter. Siatistics belong to different
classes according to their purposes.

(2) Descriptive statistics :

These statistics of a variable measure and describe three different characteristics
of a sample in respect of that variable. (i) Statistics of location such as mean, median
and mode describe the location of a specific point — particularly a central one —
of the distribution of the scores of a variable on the scale of the latter. (ii) Sratistics
of dispersion such as variance and standard deviation are the measures of scatter of
the scores of a variable around a central point like the mean of the sample. (iii)
Statistics of correlation or correlation coefficients measure the degree and direction
of the association between two or more variables in the sample, Deseriptive statistics
belong to a particular sample and do not go beyond the limits of the latter.
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(b) Sampling or inferential statistics

These statistics are not confined to the limits of a single sample and participate
in comparing two or more samples. The best example of sampling statistics is a
standard error of any other statistic like the mean and the correlation coefficient.
Sampling statistics are used in measuring sampling errors and variabilities of other
statistics, in computing confidence intervals of parameters, and in testing the
significance of experimental findings.

(c) Prediction statistics :

Such statistics as regression cocfficients are used in predicting the likely value
of a variable on the basis of the known value(s) of one or more other variables
correlated with the predicted one,

2.6.3. Mean, standard deviation and standard error
(a) Mean and its properties :

Mean (X) is the arithmetic average of all the scores of a sample and serves as
an estimate of the parametric mean () of the corresponding population. For ungrouped
data not divided into class intervals, mean is computed by dividing the sum of all
scores (2X) by the sample size (n) : X = XX/n. For a sample with its scores grouped
into class intervals (see Sub-section 3,2,2), mean is worked out using the sample size
and the sum of products of observed frequencies () and midpoints (X.) of all the
intervals : X = ZfX _/n.

Some properties of the mean are as follows : (i) The mean is expressed in the
same unit as the scores from which it is computed, (ii) The sum of differences of
individual scores from the mean amounts to zero : £ (X-X) = 0. (iii) Mean, median
and mode of a sumple are identical if its scores are distributed symmetrically in the
two halves of their frequency distribution (Section 3.2). (iv) Presence of more extreme
scores in one tail of the distribution than those in the other, extends that tail more

_than the other and displaces the mean more towards the extended tail, making the
mean higher than the median and the mode if the right tail is extended (skewed) but
making the mean lower than the median and the mode if the left tail is skewed (Sub-
section 3.6.1). (v) If each score of the sample is added, subtracted, multiplied or
divided by a constant number, the mean also gets identically treated by that number.

(b) Variance and standard deviation :

These are two statistics of dispersion. Both are absolute measures of dispersior,
computed directly from the scores of the variable and expressed in the same units as
those scores, Variance, however, is in squared units and worked out as the arithmetic
average of the squared differences, i.e., Z(X—X)?, between the scores and their mean.

For ungrouped scores of a large sample, variance (s%) is computed as follows :
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where (X — X) is the error term of each score, Z(X = X)? is called the sum of squares,
(£X)? is the squared sum of all the scores, and EX? is the sum of all squared scores,
For ungrouped scores of a small sample (n < 30), the degree of freedom (n — 1)

is used as the denominator instead of n in order to remedy the downward bias in §2
due to omission of many of the extreme scores in the small sample during sampling,

(See Sub-section 2.6.4 for degrees of freedom). For such unbigsed variance of a
small sample,

V2
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The unbiased variance of a sample with class intervals is computed using the
frequencies (f) and the midpoints (X_) of the intervals. (See Sub-section 5.2.1.)

2= EL (K= X)1

n—1

¥

Standard deviation (SD or s) is the positive square root of variance and is more
popular for everyday work. For ungrouped data of a large sample (n = 30),

. 2 2 2 2 2
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Like variance, the SD of ungrouped data of a small sample (n < 30) is also
computed as the unbiased SD using the degrees of freedom (df = n — 1) to reduce
the downward bias as mentioned in case of variange. Unbiased SD and unbiased
variance may also be computed and used for large samples. Thus, for unbiased §D

(see Example 2.6.1), ' :
{ V12 2 2
= E(X-X) o nEX ®—(XX)
n—1 n(n=1)

The unbiased SD of a sample with class intervals is worked out using the
frequencies (f) and midpoints (X,) of the intervals, (See Example 3.2.1.)

g Jz F(Xc-X)")
n-1 '
The higher the variance and SD, the greater is the variability of scores in the
sample. The respective parameters are expresséd by the symbols ¢* and @. Both SD
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and variance are affected if even a single score is changed in the sample. 'Mullip]icatinn
or division of each score of a sample by a constant number results in an identical
treatment of the §D.

(c) Sampling errors and standard errors :

You have already learnt in Sub-section 2.6.2 that due to variations of scores from
sample to sample drawn from the same population, any statistic varics from sample
to sample and every sample statistic may differ in turn from the population parameter
by an amount called the sampling error (s) of that statistic; thus, for sample means,
5, = X - ). Difference in sampling errors between the statistics of different samples
_fmm the same population results in the dispersion of the sample statistics around the
coresponding parameter in the form of a sampling distribution of such statistics,

Standard error (SE) of a stalistic measures the dispersion of that type of satistic
of different samples around the comesponding population parameter; SE thus measures
the spread of the sampling distribution of a statistic by estimating the sampling error

of the latter. The SE of means (sy) is thus a measure of the average sampling error

and the spread of sampling distribution of the sample means around the parametric
mean of the corresponding population. Similarly, the SE of the difference between
sample means (55 #,) is a measure of the average sampling error and the spread of
the sampling distribution of differences (X, - X,) of sample means about the difference
(1, = 1) between the corresponding population means. Standard errors bear the same
unit as that of the relevant scores. By estimating the sampling emrors of statistics and
of their differences, standard errors play important roles in finding (i) the dependability
and significance of a computed statistic, (ii) the variability of errors in using the
statistics of different samples for estimating the population parameter, (iii) the
Fmbdblllt)" of occurrence of the observed results by mere chances of laws of probability
in random sampling, and (iv) the confidence interval for the population parameter
(see Sub-section 2.6.1),

The SE of mean is worked oul as follows for a sample drawn from an infinite
population by random sampling with or without replacement, or from a finite
population with replacement.

_ wy\!
Z(X-X) o

sj:i, if 5=
Jn
TR
=

p=t
oy _ B -X)*
S o
But for a sample drawn from a finite population without replacement .md with -

N as the population size,
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_s [N-n . _’z(x-f}’
JI—JE T if s= = -, and

re ’N_" L p= I(x-X)*
. :n—l N-1"' n

The SE of difference (sy_g,) between two means is worked out from the SE
values (s5g and s3 ) of those means,

S%,-%, = J:}I +55 .

Example 2.6.1;

: Work out the mean, unbiased SD and SE of the mean for the following trunk
length scores (X cm) of a sample of Tilapia rilapia fishes : 9.0, 84, 6.8, 6.4, 7.8, 8.6,
6.8, 7.8, 8.4, 8.0

Solution :
Table 2.1. Table for computing mean and SD,

= X~ X (X - Xy’
9.0 + 1.2 1.44
8.4 + 0.6 0.36
6.8 =10 e
e 14 1.96
7.8 LS g
8.6 +08 ' 0.64
8 ~10 1.00
7.8 0 !
8.4 + 0.6 0.36
8.0 + 0.2 0.04
Z 780 - o
n=10. J?:E__:lﬁ.ﬂ:'}'ﬂcm
n - 10
2o B(x —fff =_ﬁi.3_ﬂ1.=n“-56cm‘



= BE=AY V380 <0869 cm.
869
g=—t-=08689 - 02950,
- v i e

2.6.4. Degrees of freedom

During the computation of some statistics such as SD, variance, correlation
- coefficient and Student’s 1, one or more statistics computed earlier need to be used
as the estimates of the corresponding parameters, and have, therefore, to be left
unchanged like the latter during use in the present computation. For _example, in
working out the unbiased §D from ungrouped data, the sample mean (X) is used as
the estimate of population mean (p). To keep each such precomputed statistic
unchanged during the computation of the next statistic, any one of the sample scores
loses its freedom for change; while any change of the remaining scores is
mathematically permissible, that one score still left must change only in a fixed
- amount and a fixed direction to counter the effect of changes of all other scores so
as to keep the precomputed statistic constant. The number of remaining scores or
cases, still retaining the freedem for change, constitutes the degrees of freedom (df)
for the statistic being computed. The df would usually amount to the sample size (n)
less the number (m) of precomputed statistics being used as estimates of parameters :
df = n — m. For example, the unbiased SD as computed in Example 2,6.1 has tbe df
of (n — 1), one score having lost its fre¢édom for change to keep the X constant. On
the contrary, when the correlation coefficient (r) is computed between two variables
(X and ¥) using ungrouped data (Sub-section 6.3.3.), the computed r has the df of
(n - 2), two cases having lost their freedom for change to keep rcspc-:lwely X and
Y constant.

2.7 Summary

You have leamnt in this unit about the basic applications of biostatistics. Variables
have been defined and classified according to their natures and their roles in
experiments, You have read about populations and have become aware of why samples
are used instead of entire populations in scientific investigations. The criteria for a
representative sample have also been mentioned,

Methods for sampling have been described. The importance of probability
sampling has been emphasized. You have read about the applications of simple
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random sampling, stratified random sampling, multistage sampling, fixed interval
sampling, purposive sampling and incidental sampling.

Parameters and statistics have been defined. Statistics have been classified into
descoptive, sampling and prediction statistics. Descriptive statistics have been further
classified into statistics of location, of dispersion and of cormrelation.

Properties and computations of mean, variance, standard deviation and degrees
of freedom have been briefly. described. Sampling errors, sampling distributions and
standard errors of statistics have been explained,

2.8 Terminal questions

L.

(a) Classify variables according to their natures, giving examples and
characteristics of edch class.

(b) State briefly the criteria for a representative sample,

(¢) Describe independent variables and their different types in an experiment,
(a) Write briefly about parameters and statistics.

(b) Give a brief classification of statistics.

(c) Explain what you understand by sampling errors and sampling
distributions.

(a) Classify variables according to their roles in an experiment,
(b) Give an account of the method of simple random sampling.

(¢) Define variance and standard deviation, and describe their computatiosis
from ungrouped scores of a sample.

(a) Explain when and how stratified random and multistage samplmgs are
undertaken.

(b) Write briefly about the standard error of mean and how it is computed,
~ stating its different formulae,

(¢) Explain briefly what you understand by the sampling distribution of
means,

(a) Write briefly about populations and parameters.

(b) Define and classify relevant variables in experiments, with examples.

(c) Explain the with-replacement and without-replacement methods of simple
random sampling,

(2) Work out the unbiased standard deviation and the sumda:‘d error of the
mean of the following sample of blood sugar (mg/dl) scores : 170, 165,
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123, 147, 110, 88, 97, 132, 143, 155.
(b) Classify sample statistics, giving examples.

(¢) Write briefly about fixed interval samphng, confidence interval, and
properties of mean.

(d) Explain degrees of freedom with examples.

2 9 Answers

1. (a) See Sub-se.clmn 2.3.1,
(b) See 2nd paragraph of Sub-section 2.4.2.
(c) See paragraph (b) of Sub-section 2.3.2.

2. {a) See Sub-sections 2.6.1 and 2.6.2.

(b) See paragraphs (a), (b) and (c) of Sub-section 2.6.2.
(¢) See paragraph (c) of Sub-section 2.6.3.

3. (a) See Sub-section 2.3.2,
(b) See paragraph (a) of Sub-section 2.5.2..
(c) See paragraph (b) of Sub-section 2.6,3.

4, (a) See paragraphs (b) and (c) of Sub-section 2.5.2.
(b) See paragraph (c) of Sub-section 2.6.3.
(c) See paragraph (c) of Sub-section 2.6.3.

5. (a) See Sub-sections 2.4.1 and 2.6.1.
(b) See paragraph (c) of Sub-section 2.3.2,
(c) See paragraph (a) of Sub-section 2.5.2.

6. (2) See Example 2.6.1. ' -
(b) See Sub-section 2.6.2.
(c) See paragraph (d) of Sub-section 2.5.2, Sub-section 2.6.1, and paragraph

(a) of Sub-section 2.6.3.

(b) See Sub-section 2.6.4.
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Unit 3 O PRESENTATION OF DATA AND
- PROBABILITY DISTRIBUTIONS

Structure
3.1 Introduction
Ohjectives
3.2 Frequency distributions
3.3 Graphic prescntations _
34 Probability and probability distributions
3.5 Normal distributions
3.6 Skewness and kurtosis
3.7 Student’s ¢ distributions
38 Binomial distributions

3.9 [Poisson distributions
3.10 Summary

3.11 Terminal questions
3.12 Answers

3.1 Introduction

You will learn in this unit about the presentation of experimental data in tabulated,
grouped and graphically displayed forms for universal communication, easy perception,
straightway comparison and systematic mathematical treatment, You will get introduced
to the idea of probability distributions. You will also learn about the properties and .
applications of normal, binomial, Poisson and Student’s ¢ distributions,

Objectives

After studying this unit, you should be able to do the following

® understand the use of frequency distributions in presenting the data, and work
out appropriate frequency distributions of scores of different types of variables,

® draw graphical displays of frequency distributions in the forms of bar diagrams,
histograms and frequency polygons, -
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® define probability and explain different types of probability distributions,

® define and describe the properties of normal and Student’s t distributions for
probabilities of occurrence of scores of continuous measurement variables,

@ understand and describe the unit normal curve,

@ describe the properties of binomial probability distributions of dichotomized
variables,

@ discuss the pmpe-nies of Poisson probability distributions of events of the rare
class of some dichotomous variables, and

® understand and estimate skewness and kurtosis of distributions,

3.2 Frequency distributions

Frequency is the number of occurrences of any individual, animal, event, score
or phenomenon among the total number of such cases or in a sample. A frequency
distribution consists of an arrangement of all the scores or cases of a relatively large
sample, tabulated in different respective classes of the relevant variable. Observations
of a sample, so distributed in a frequency distribution, constitute the grouped data.
In contrast, individual scores or cases of a sample, not arranged or classified into a
frequency distribution, form ungrouped dura, Frequency distributions are broadly
divided into two types, qualitative and quantitative frequency distributions, according
to the nature of the variable whose data form the distribution.

3.2.1, Qualitative frequency distribution

Qualitative or nominal variables such as sex, phenotypes, races and blood groups
cannot be measured and expressed in the form of scores; nor can the cases of a
sample be arranged in ranks according to their higher or lower positions with respect
to such variables. Mevertheless, such variables can be divided gualitatively into two
or more distinctive classes and the frequencies of cases of a sample in the respective
classes can be arranged in a table. Such a tabulated arrangement of frequencies of
cases or individuals of a sample in different classes of a nominal variable is called
a qualitative frequency distribution (Table 3.1). The cases of each class can be
distinguished from those of other classes with regard to the variable, and there is no
continuity between the classes. However, the proportion (p) of the sample size in
each class can be worked out by dividing the frequency () of cases in each class by
the sample size (1) : p = f/n; the computed p may be called the relative frequency
of the relevant class.
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Table 3.1. A qualitative frequency distribution of phenotypes in a sample of
Drosaphila flies.

~ Phenotypes Frequencies (f) fin
Grey-body red-eye 108 0.551
Black-body red-eye 40 0.204
Grey-body scarlet-eye 36 0.184
Black-body scarlet-eye 12 0.061
Total 196 (n) 1.000

3.2.2, Quantitative frequency distribution

Both continuous and discontinuous measurement variables can be quantitatively
measured and expressed in the form of numerical scores. The scores of such variables
in a sample form a rahge which can be divided into groups called class intervals.
Frequencies of scores belonging to different class intervals are then tabulated in the
respective intervals to form a quantitative frequency distribution. The latter not only
reveals characteristics of the sample in respect of the variable. but also contributes
to the subsequent treatment and interpretation of the data, According to the nature of
the variable concemned, quantitative frequency distributions may be either continuous
or discontinuous.

1. Continuous frequency distributions :

Continuous measurement variables have such distributions, Heré, the successive
class intervals arc continuous with each other, without any gap between the contiguous
classes. The steps in forming such a frequency distribution are sununa.rizedi below. -

(a) The total range from the lowest to the highest score of the sample is divided
into a suitable number of class intervals of identical lengths (i) covering 3, 5, 7, 10
or 20 scores, sépa.mting-the successive intervals by their score limits, and entered in
column 1 of the frequency table (Table 3.2). The interval length (i) may be obtained

as the difference between either the lower or the upper limits of the consecutive
classes.

(b) To avoid gaps between class intervals, true limits or class boundaries are
worked out, each as the mean of two contiguous score limits of successive intervals,
and entered in column 2 of the table. (See Example 3.2.1.)

(c) The midpoint (X ) of each interval is worked out as follows and entered in
column 3 of the table, In a frequency distribution with class intervals, all the cases -
in an interval lose their individual identities and are deemed to possess the score of
its .midpoint (Xc). For any interval,
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1
X. = lower score limit + E[ﬂﬁgher score limit) — (lower score limit)].

{(d) Eacﬁ score of the sample is entered as a tally in column 4 of the table against
its class interval,

(e} The total number of tallies of each interval is entered in-colomn 5 as the
frequency (f) of that interval, :

(f) Frequencies of all the intervals are finally totalled to give the sample size
(n)y: Zf=n.

2. Discontinuous frequency distributions :

A discontinuous or discrete measurement variable has such a distribution, Here,
the class intervals are separated from each other by paps because the scores of the
variable can be in whole numbers only and not in fractional numbers. A discontinuous
frequency distribution is worked out in the same way as a continuous one except that
the step (b) for computing the true class limits and the column 2 for entering the

latter are omitted to retain the intervening gaps between consecutive class intervals.
(See Example 3.2.2.)

Example 3.2.1.

(a) Work out a frequency distribution of the following wing length scores (mm)
of a sample of insects : 13, 19, 20, 25, 22, 23, 22, 21, 25, 12, 20, 17, 15, 19, 18, 20,
20, 19, 17, 21.

(b) Compute the mean, SD and SE of the mean of the data.
Solution :
(a) Continuous frequency distribution
Highest score = 25, Lowest score = 12. n=20. i=3,
Range = (highest score — lowest score) + 1 = (25 — 12) + 1 = 14 scores.
ange 14 _ 47
i 3 !

True limits are computed as averages of contiguous score limils of successive
class intervals and entered in Table 3.2, For example, the true upper limit of the
interval 15-17 as well as the true lower limit of the next interval 18-20 is computed

174#18: © 175

Midpoint (X.) of each interval is computed using the higher and lower score
limits of that interval, and entered in Table 3.2. For example, for the interval 18-20,

20 - 18
2

Number of class intervals =

as .

X, =18+ =19,

43



Each score of the data is entered as a fally against its class interval and the toral
number of tallies in the latter is entered as its frequency (f). The sum of frequencies
of all the intervals gives the sample size (n).

Table 3.2. Continuous frequency distribution of wing length scores,

Class intervals

Score limits True limits Xe Tallies !
12 - 14 11.5 - 145 13 I 2
15 - 17 145 <115 16 I 3
18 — 20 17.5 - 20.5 19 W s
21 - 23 20.5 - 23.5 22 T 5
24 - 26 23.5 - 26.5 25 I 2

Total _ 20 (m)

(b) Campurariﬁn of mean, SD and SE of mean :

Score limits, midpoints and frequencies of the class intervals 4re entered in the
first three columns of Table 3.3. '

Table 3.3. Table for computing mean and SD,

Class intervals : 2o _ m
(score limits) &g f e XF =X (X. -X) f(X.-X)

12 - 14 13 2 26 -63 39.69 79.38
15 - 17 }5; F3 48 -33 1089 . 3267
18 - 20 19 8 152 -03 0.09 - 0.72
21 - 23 2 5 110 +27 7.29 36.45
24 — 26 2% 2 50 +57 32.49 64.98
¥ -~  20(m) 386 i —t 214.20
= IfX, 386 Jr.lf{xc-f)‘] 21420
- = e—— i ——— -—-19.3 = = = 35 f
nwd)y ABSS S BTt el o i
sy = =22 _ 098] pim
1 20 .
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Example 3.2.2.

Work out a frequency distribution of the following respiratory rates (per minute)
of a sample of apes : 17, 9, 21, 14, 13, 18§, 2_1, 16, 13, l?, 16, 15, 17, 15, 17, 19,
16, 10, 9, 11, 18, 20, 16, 16, 15, 18, 15, 12, 14, 15,

Solution :

A discontinuous frequency distribution is worked out for respiratory rates, using
Table 3.4,

Highest score = 22, Lowest score =9.  n = 30, i= 3.
Range = (highest score — lowest score) + 1 = (22 — 9) + | = 14 scores.

SEE % =47 =5

Number of class intervals =

Midpoint (X_) of each class interval is worked out, using the higher and lower
score limits of the latter, and entered in Table 3.4. For example, for the interval
15-17,

X i S =50

=16.

Each score is entered as .a tally against its class interval and the total number of
tallies of each interval is entered as the freguency (f) of that interval in the table.
Sample size (n) is the sum of frequencies of all the intervals.

Note that true Jimits are not worked out for the intervals because there should
be gaps between the successive class intervals of a discontinuous variable.

Table 3.4, Discontinuous frequency distribution of respiratory rates.

Class intervals

(score limits) X, Tallies f
911 10 1] 4
9 14 13 W1 5
15 — 17 16 WM 14
18 — 20 19 1 5
91 =23 22 I 2
Total = e 30 (n)
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3.3 Graphic presentations

Frequency distributions are frequently presented in graphical forms such as
frequency polygons, histograms and bar diagrams for more easily comprehensible
visual displays, clearer perception of features of a sample with respect to a particular
variable, and comparative study of more than one sample. !

3.3.1. Frequency polypon

Frequency distribution of a continuous measurement variable, grouped into class
mtervals, is often presented as a frequency polygon. The latter is an area diagram —
the total area enclosed by the arms of the polygon represents the sample size n.
Before drawing the polygon, two additional class intervals — each with zero frequency
and the two respectively lower and higher than the original lowest and highest intervals
of the distribution — are included with their midpoints in the frequency table (Table

9 1

8 -

Original

Fig 3.1. Original and smoothed frﬁqumc:.r polygons of the data of Table 3.5.
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3.5) so as to make the arms of the intended polygon reach the zero baseline of the
frequency scale, on the x-axis. The scores of the relevant variable (X) are scaled on
a graph paper along the latter axis or abscissa, with the midpoint (X) of each class
interval marked on that axis (Fig. 3.1). Frequencies (f) of scores in class intervals
are scaled along the ordinate or y-axis. Because all the cases in a class interval are
deemed to possess the score of its midpoint (X_), the frequency of each interval is
plotted against its midpoint. The plotied points are joined by straight lines to draw
the polygon. To compare frequency distributions of more than one sample, their
respective polygons may be drawn superimposed on each other on the same x-axis.

The outline of a frequency polygon is, however, jagged — the lower the sample
size and the longer the class intervals, the higher is the jaggedness of the polygon.
This jeopardises the suuablhty of the latter in visvalizing the proportionate score
frequencies in different intervals. To decrease such jagged appearance of the polygon,
smoothed frequencies (f) may be worked out for cach interval as the mean of the
original recorded frequencies (f) of that interval and of the intervals immediately
preceding and following the latter (Table 3.5). These f, values are than plotted against
the respective midpoints (X,) to get a smoothed frequency polygon (Fig. 3.1). For
example, for the class interval 18 —20 of Table 3.5,

f= 8+3+5 _53,

Table 3.5, Continuous distribution of Table 3.2, mudlﬁe.d for original and smoothed
polygons of Fig. 3.1.

Class intervals

Score limits True limits X, S £,
I 8.5 - 11.5 10 0 0.7
12 - 14 11.5 - 145 13 2 1.7
15 - 17 14.5 - 17.5 16 3 43
18 - 20 17.5 - 20.5 19 8 5.3
21 — 23 205 ~23.5 22 5 50
24 - 26 23.5 - 26.5 25 2 2.3
27 - 29 © 265 -295 - 28 0 SR
Total —_ 20 (n) 20.0
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3.3.2. Histogram or column diagram

This is an area diagram consisting of a number of contiguous rectangular bars
or columns for presenting graphically the distribution of frequencies of a continuous
measurement variable among its class intervals in a sample. To draw the histogram
of a distribution with intervals of identical length (i), scores (X) of the variable are

Flg 3.2. Histogram of the frequency distribution of Table 3.2,

scaled along the abscissa or x-axis on a graph paper, marking the true limits between.
successive class intervals while frequencies (f) are scaled along the ordinate or y-axis.
At each true limit of every class interval, a perpendicular line is raised till it reaches
the level of f of that interval; the column thus being formed with its base along the
x-axis between the true limits of the interval, is closed at its top by a horizontal line
at the level of the f of that interval. In this way, frequencies of all the intervals are
depicicd as successive columns with no gap between each other and with bases
ranging between their respective true limits along the x-axis, As all the intervals are
of identical length (i), the bases of all the columns are equal in length; consequently.
the areas of the columns are directly proportional to their heights which in tumn
correspond to the frequencies of the respective intervals (Table 3.2 and Fig. 3.2). The
sample size (n) is represented by the total area covered by all the columns, However,
unlike frequency polygons, histograms cannot be superimposed on each other and
need to be drawn separately side by side to compare the distributions of more than
one sample.
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3.3.3. Bar diagram

A bar diagram consists of one or more sets of parallel, rectangular columns or
bars, used for graphical representation of frequencies of cases in different classes of
a discontinuous variable, particularly a qualitative one, Each set of bars is meant for

120

104}

8O

2074

Scarlet
Black-
Scarlet

§& 3% §
Fig 3.3. A simple bar diagram of the frequency distribution of
Drosophila phenotypes of Table 3.1,
a particular sample, and the area of every bar or.column of the set represents the
frequency of cases in a particular class of the relevant variable, A simple bar diagram
for a single sample consists of one set of bars drawn either vertically or horizontally
from respectively a horizontal or vertical baseline, with the bases of the bars being
identical in length, The bars are separated by small gaps to indichte that the variable

4
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is not a continuous one, nor do its classes have any continuity with each other,
Frequencies of cases are scaled along a line parallel to the bars — each bar extends
from the baseline to that length beside the frequency scale which corresponds to the
frequency of the corresponding class. Because of an identical width of all the bars,
the area of each bar is directly proportional only to its length which in turn corresponds
to the frequency of that class. Thus, the areas of successive bars of the set convey
a comparative picture of the distribution of frequencies in the respective classes
(Fig. 3.3). .

" A multiple bar diagram consists of two or more sets of bars for as many samples,
with wider gaps between the sets than between the bars of the same set. Each set of

. |

Fig 3.4. A multiple bar diagram of the frequency distributions of ABO
blood groups in two samples of humans.

bars presents the frequency distribution of a particular sample. Thus, the multiple bar

diagram serves to compare the frequency distributions of a nominal variable in a
number of samples (Fig. 3.4).

Like histograms, bar diagrams cannot be superimposed on each other and have
to be displayed separately side by side for comparison between samples.
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3.4 Probability and probability distributions

In Unit 2, particularly while learning about sampling methods, you have read
about probabilities and laws of probability, Probabilities are also involved at numerous
stages of scientific investigations such as experimental designs, evaluation of tests,
drawing of inferences and statistical predictions of scores of variables. Probability
may be defined in a simple manner as the relative frequency of occurrence of any
event, animal, case, score or phenomenon in an almost infinite number of such events,
cases or animals, To put simply, the probability (P) of getting one mutant animal in one
choice from among the total of 4587 animals of a sample, known to have 150 such
mutants, would be P = f/n = 150/4587 = 0.033. You should keep in mind that the
relative frequencies would differ progressively from the actual probability with the fall

.in the total number (n) of cases, and would approach the limiring frequency, close to the

probability, only when n is near infinity, For' more details, see Sections 7.5 and 7.6.

3.4.1. Probability distributions

A probability distribution is a distribution of relative frequencies (f/n) or
probabilities of scores or cases in different class intervals of a given variable where
the sample size (1) or the total number of events, scores or cases is vast. You have
already leamnt about the frequency distribution of scores in a sample. If the frequency
(£ in each class interval is divided by the total size of a vast sample (n = ) and that
computed relative frequency (f/n) is placed in the corresponding interval, we work

-out a probability distribution of those scores or cases (Table 3.6). To present the

latter graphically as a probability distribution curve or a relative frequency polygon,
the scores or cases and their relative frequencies are scaled respectively along the
abscissa and the ordinate; each relative frequency (f/n) is then plotted against the
midpoint (X.) of the corresponding class interval, and the plotted points are joined
by lines to get the curve or polygon,

Table 3.6. Probability distribution of insect wing length scores of Table 3.2,

Class intervals X, K i P=f/n
12— 14 13 2 0.10
517 - 16 3 0.15
18 - 20 19 g 0.40
21 - 23 22 5 0.25
24 — 26 25 2 0.10

h3 — 20 (n) 1.00
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Beecause probabilities may be expressed even in infinitely small fractional units,
the ordinate scale for probabilities in a probability distribution is always a continuous
one, But the abscissa scale for events, cases or scores maybe either continuous or
discontinuous according as the corresponding variable is a continuous measurement
variable or a discontinuous one. Continuous probability distributions are probability
distributions of continuous measurement variables such as blood ghucose, wing length,
gill weight and oxygen consumption, their x-scale (abscissa) is continuous with no
gaps and has scores even in fractional units: €.g., normal probability distributions and
Student’s 7 distributions for continuous variables. Discontinuous probability
distributions are those for discontinuous variables such as heart rates, respiratory
rates and litter sizes, so that their scores cannot be in fractional units and the x-scale
of their probability distributions have gaps; e.g., binomial distributions for dichotomous
variables, and Poisson distributions for cases of the rare class of dichotomous variables.

Probability distribution may again be divided in another way into experimental .
and theoretical distributions. An experimental probability distribution may be worked
out using the data actually collected in an experiment or a survey, You may find such
a case in Table 3.6; however, you should bear in mind that unlike what is given in
that table, a probability distribution should be worked out in real cases with the data
of a very large number of cases to minimize errors, Qo the contrary, a theoretical
probability distribution is worked out theoretically, following a specific mathematical
model, applying the laws of probability and using specifically formulated theoretical
equations, but needing no experimental data for its computation, Such theoretical
probability distributions are widely used in the assumptions for  statistical tests,’
interpretations of experimental data, drawing of inferences from experimental
observations, working out of confidence intervals of parameters, and st;atihlica'!
predictions of scores or events. Such theoretical distributions include binomial
distributions based on the binomial equation, Poisson distributions using the equation
of §. D, Poisson, normal probability distributions based on the equation of K.F.
Gauss, and Student’s ¢ distributions on the basis of the equation derived by 'W. S.

Gossett. These four theoretical distributions are described briefly in the following
sections.

35 Normal distributions

Normal probability distributions are theoretical and continuous probability
distributions worked out on the basis of the Gaussian equation and plotted graphically
as normal curves. To work out and plot a normal distribution from raw scores (X)
of any continuous measurement variable, each X score is first transformed into a
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standard score (z score) using the mean (1t or X) and the standard deviation (o 'pr:rJ
of those scores. '

X - - X-X
gut B o guBA
o

5
The z score does not bear the unit of the X score; instead, it is expressed in §D

 units (o units) and possesses a standard reference value irrespective of mean, SD or

unit. The probability (¥) of random occurrence of each z score and so, of the
corresponding X score, is worked out with the following Gaussian equation, using,
the sample size (n), SD (@), the base (&) of natural logarithms, and the constant ratio
() between the circumference and diameter of a circle,

:1

Y=—p—e

“ovan

If ¥ and z are scaled a'* g respectively an ordinate (y - axis) and an abscissa (x-
axis) on a graph paper, and cach computed Y is plotted against-the comresponding z
score, a specific unimodal (single—peaked), bilaterally symnetrical and bell-shaped
probability distribution curve results; the latter is called the normal distribution curve
or normal curve (Fig. 3.5). Variations of #, o and interval length () from sample to

0,44
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Fig 3.5. A unit normal curve with its fractional areas between the ordinales at several z scores, [From
D. Das and A, Das, Statistics in Biology and Psychology, 4th ed., Academic Publishers, 2003]

“sample yield numerous normal curves. For universal use irrespective of n, o and i,

a stanuard reference form of the normal curve, called the unit normal curve, has been
derived using the following modification of the Gaussian equation and taking the
values of n, ¢ and i as 1.00 each. '

!l
R

¥=
Jzn"
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3.5.1. Properties of normal probability distributions

Following properties of normal distribution (unit normal curve) are important
for understanding and using the normal curve.

(a) Normal probability distribution is a continuous probability distribution with
a continuous abscissa scale (x—axis) for z scores without any genuine gap between
the latter, So, it can be used in case of continuous measurement variables, but is not
applicable to discontinuous variables, ordinal variables and nominal variables,

(b) It is a theoretical probability distribution because the probabilities of this
distribution can be theoretically computed using the Gaussian equation,

(c) According to variations in n, ¢ and i, thére are infinite numbers of normal
distributions, So, a unit normal curve has been worked out as a standard reference
curve using a modification of the Gaussian equation and with n, @ and i amounting -
to 1.00 each.

(d) It is a single-peaked or unimodal distribution with an identical value of zero
for its mean, median and mode, because the z score for |t amounts (o 0,00
z = (4 = Wo = 0.00. Also note that its mean, median and mode are coincident.

(€) It is perfectly symmetrical bilaterally and possesses no asymmetry or skewness.
Thus, the coefficient of skewness is zero for the vnit normal curve.

(f) Because the area enclosed by the unit normal curve represents the sample
size n which is taken as 1,00 for that curve, the fractional area in either half of the
curve is considered to be 0.5000.

(g) The probability of random occurrence of any z score (as also of the
corresponding X seore) is given by the height of the ordinate at that z score, as read
from the corresponding ¥ value in the y-axis,

(h) Because of bilateral symmetry, the height of the ordinate at any :z score-in
the right half of the distribution equals that at the same z score in the left half,

(i) The highest ardinate of the unit normal curve is located at the zero score of
z, and its height (¥), viz., 0.3989, gives the probability of random occurrence of
scores identical with the mean, median and mode of the sample,

(j) The fractional area of the unit normal curve between any two z scores in one
of its halves is identical with that between the same two z scores in the other half.

(k) Two tails of the unit normal curve are asymptotic, i.c., they reach the zero
level (¥ = 0.00) of the y-axis at respectively —ee and -+ values of z scores on the x-
- axis.

(1) Probability (P) of random occurrence of a given z and all other z scores
beyond it in either tail is known as the one-tail probability and is obtained as
follows.

P = 0.5000 - (area of unit normal curve from its |L to the given z).
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(m) Probability (P) of random occurrence of a given z and all other z scores
beyond it in borh tails is known as the fwe-tail probability.

P = 2 [0.5000 — (area of unit normal curve from its 1 to the given z)). .

(n) The normal curve is mesokurtic, i.e., has a medium degree of peakedness.

(o) Probability distribution of a continuous measurement variable conforms to
the normal distribution, if its scores are determined by the random effects of many
other variables with no mutual interactions.

(p) Méans of samples drawn from a normally distributed population are distributed
normally around the paramelric mean of the latter, forming a sampling distribution
of means,

3.6 Skewness and kurtosis

These two properties of a distribution determine its form, shape and many other
characteristics.

J.6.1. Skewness

Skewness is a measure of the degree and divection of bilateral asymmetry of a
distribution, A symmetrical distribution, e.g., normal and ¢ distributions, has no.
skewness, has its two tails identically extended and equally pointed, and has its
mean, median and mode coincide with the centre and peak of the distribution. But
a skewed distribution is bilaterally asymmetric with one of its tails more extended

Hegative skewncss Positlive skewness

Fig. 3.6. Skewed distributions, [From D.Das and A. Das, Statistics in Biology and Psychology,
4ih ed., Academic Publishers, 2003.]

and pointed than the other tail. This results from the presence of more extreme scores
in the extended or skewed tail than in the shorter and blunter tail; the scores are more.
concentrated in the blunter tail than in the skewed one. The skewness is called
positive if the right or high-value tail is more drawn out than the left or low-value
tail, while negative skewness consists of a more drawn-out and sharper left or low-
value tail compared to the right tail, Poisson distributions are positively skewed
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. while binomial distributions are musﬂy either positively or negatively skewed.
Coefficient,of skewness (Sk) is a measure of the magnitude and algebraic sign
of skewness, indicating thereby the degree and direction of the skewness, respectively,
Sl Sk = S(X — Mdn)

5 B

3.6.2. Kurtosis

Kurtosis is a measure of peakedness of a ditribution, In assessing kurtosis, the
normal distribution is used as the model. Being of 2 medium degree, its peakedness
is known as mesokurtosis. Distributions like Student’s ¢ distributions possess
} 7 —Leptokurtic

\

;'F \ __Mesokurtic

Placykurtig

Fig 3.7, Different forms of kurtosis. [From D. Das and A. Das, Statistics in Biology and
Psychology, 4th ed,, Academic Publishers, 20031.]

comparatively sharper and higher peaks, thicker tail ends and thinner intervening
regions, and are called leptokurtic distributions. Compared to mesokurtosis,
leptokurtosis is characterized by higher concentrations of scores in a harrow zone
around the peak and at the twg tail-ends, but lower score concentrations in the area
in between. Poisson and ¢ distributions are leptokurtic. Distributions which have a
broader and flatter central region, narrower tail-ends and thicker intervening regions,
are called platykurtic. In contrast to mesokurtosis, platykurtosis is characterized by
lower score concentrations in the central region and at the tail-ends, but higher score
density in the area in between (Fig. 3.7). Some binomial distributions are platykurtic
while some are leptokurtic.

Percentile coefficient of kurtosis (x) is a measure of kurtosis, worked out using
10th, 25th, 75th and 90th percentiles (P,,, P,,, P, and P,)) which are the scores
below which the respective percentages of total scores occur in the sample.

x=—ti~hs
E(Pﬂn_ﬂu]
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K amounts to 0.263 in mesokurtosis, is less than that value in leptokurtosis, and
exceeds 0.263 in platykurtosis. ]

3.7 Student’s ¢ distributions

Scores of a variable are distributed normally in a large (n = 30) sample, drawn
from a population having a normal distribution of scores, But if the sample drawn
from such a population is a small one (n < 30), the frequency distribution as well as
the probability distribution of its scores would take the shape of a unimodal,
symmetrical but leptokurtic distribution, conforming to a theoretical probability
distribution, originally formulated by W.S. Gossett and known as the Student’s
distribution because of his pseudonym “Student”. To work out the ¢ distribution of
the scores of a variable in a small sample, each score (X) is first transformed into ¢,

basically in the same way as in case of z, and the computed ¢ is then used in plotting
the ¢ distribution,

Similarly, means (X) of small samples from a normally distributed population
may also be transformed into 7, uging their standard errors (s,), and the computed
¢ may then be used in plotiing a sampling distribution of means conforming to
Student’s ¢ distribution,

1=

X-p
55 :

Like the use of z scores in working out a normal distribution, Student’s ¢
distribution is worked out by computing the probability (¥) of random occurrence of
each 1 score in terms of the Gosselt equation, using the degrees of freedom (df) of
the ¢ scores.

[dr-n/ap |
_ I -2/2)t" Jdf

[1+i]£i+"' '
i

Scaling ¥ and ¢ along respectively the ordinate and the abscissa scales on a graph

Y

- paper, and plotting each computed Y against the corresponding f, a Student’s ¢
- distribution curve may be drawn (Fig. 3.8)
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Fig 3.8. Some Student's  disuibutions, [From D, Das and A. Das, Statistics in Biology and
FPsychology, 4th ed., Academic Publishers, 2003.)

37.1. Properties of Student’s ¢ distributions

Following properties of t distributions are important for understanding and using
them. ;

(a) Student’s ¢ distribution is a continuous probability distribution with a
continuous abscissa scale for t scores without any genuine gap between them. So, it
can be used in case of continuous measurement variables only, like trunk length and
tracheal ventilation volume, and is not applicable to discontinuous measturement
variables such as heart rale, respititory rate, litter size and cell count, ordinal variables
like ferocity, and nominal variables like sex.

(b) It is a theoretical probability distribution because its probabilities can be
theoretically worked out using the Gosselt equation.

(c) You may have marked in the Gossett equation itself that ¢ distributions
depend heavily on the degrees of freedom of 1. So t distributions differ from each
other according to the df of the relevant ¢ scores and are consequently very numerous
in number. : :

(d) It is a unimodal distribution with its mean, median and mode coincident with
each other and amounting to zero, because the ¢ score for U amounts lo zero ; [ =
(1t - Wl = 0.00. '

(¢) 1t is perfectly symmetrical bilaterally and its coeflicient of skewness is zero,
indicating the absence of skewness.

() The r distribution has asymptotic tails, extending respectively lo - e and + o
at the two ends,

(g) The distribution is leprokurtic, its percentile coefficient of kurtosis being
lower than 0.263; the magnitude of leptokurtosis declines with the rise in df so that
the ¢ distribution with the df of e is mesokurtic and identical with normal distribution.
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(h) To interpret any computed ¢ score, it should be referred to the Spl:l'.'.lﬂc i
distribution with the same df as that of the computed ¢.

(i) The distribution of scores of a variable in & small sample, drawn from a
population where such scores are nammtfy distributed, would conform to the ¢
distribution.

(j) Means (X) of a va.nahlc in small samples, drawn from a pupulauun having
a normal distribution of its scores, form a sampling distribution conforming to the
1 distribution around the parametric mean (p) of that variable in the population,

3.8 Binomial distributions

Some variables are divided into two distinct classes with an intervening gap.
They are called dichoromous variables and are frequently found among nominal
variables such as sex (male-female), HIV positive-negative, pregnant-nonpregnant
and Rh plus-minus. With respect to such a dichotomous variable, the individuals or
cases of the population belong to either one or the other of the two classes. A random
sample from such a population would often include different numbers of cases from
both the classes.A binomial probability disiribusion is a distribution of probabilities
of random occurrences of different combinations of cases from the two classes of a
dichotomous variable, in a sample drawn from such a population. It is used to find
the probability of random occurrence of either a given number of cases of one class
or a given combination of cases from both classes in a sample, depending on laws
of probability.

The binomial distribution is a theoretical probability disiribution because it can
- be worked out theoretically using the series of terms of the binomial equation. Yﬂu
may find below the series of terms of the binomial expansion, Bach of these terms
gives the probability of random occurrénce of a particular combination of cases from
two classes of a dichotomous variable in the sample, where p and g are the proportions
of the two classes in the population, the powers of p and g give the numbers of cases
of the respective classes in the sample, and n is the sample size.

nn-1)_ .5 1 na-1)(n-2) ., '
e P - b
(p+q)" =p"+np" q+ 1xz P g+ X203 P g
________ 2 n(n—)(n—2)(n— 3]......x2pq,,-.+q,,.

1% 2% 3%, (—1)

For a gwnn sample size (1) with X number of cases of the class having the
proportion p in the population, that particular term of the expansion should be chosen
fnr computing the probability P of random occurrence of X which has the power X
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of p and the power (n — X) of the proportion ¢ of the other class, P would be obtained
on working out that chosen term. Where n = 10, X = 4, p=0.55and g=045, n-x
= lﬂ -—_4 = 'ﬁ. i

. p=2Om DA DO-Dn-)n=5) .y s

Ix2x3x4x5%6
lﬂ(ll}~i){m—2]{!&-3}{1[}—4}(11]—5} i
=L i 0 !
I%2%3x4%5%6 x 35" %045
=0.16.

A probability level is next chosen as the level of significance (o) to compare
with the probability P computed in the above manner. If P exceeds o (P > @), the
given 4 cases of the p class (along with 6 cases of the q class) are considered to have
occurred in the sample due to random sampling; but if it is either equal to or lower
than the chosen o (P < @), the given numbers of cases have not occurred due to
random sampling, In the above-mentioned example, if o is chosen to be 0.05, the
computed P of 0.16 exceeds the chosen o ; 50, the given 4 cases of the p class (along

with 6 cases of the g class) have occurred in the sample by mere random sampling
(P > 0.05). '

3.8.1. Properties of binomial distribution

Following properties of binomial distribution are important for its application in
biostatistics, .

(a) It is a theoretical probability distribution because the probabilities of thig
distribution can be theoretically computed using the binomial equation.

(b) It is a discontinuous probability distribution because the events or cases
scaled in the abscissa occur only in whole numbers (e.g., 1, 2, 3, etc.) with intervening
gaps, not in fractional units, and the abscissa or x-scale is consequently discontinuous.

(c) It is a probability distribution of events of dichotomous variables, each
divided into two classes separated by an intervening gap, neither of these classes
being rare or having too low a proportion in-the population, :

(d) Each event or case of any of the two classes occurs in the sample at random
depending on laws of probability and independent of all other events or cases.

(¢) The distribution of events of either class, say that with proportion p, has its
mean, variance and SD depending on the proportions (p and q) of both classes in the
population,

w=np; o =npg; .o=\npg.
(f) Distribution of events of the class p is symmetrical and nonskewed when its
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proportion p is 0.50 in the population; but the distribution is pesitively skewed if its
proportion is less than 0.50, and has a negative skewness if its proportion exceeds
(.50 in the population,

(g) The distnbution of either class is plafykurtic when its proportion in the
population falls within the range of (0.21-0.79, but is lepiokurtic if its proportion is
beyond that range on any side.

3.8.2. Assumptions for binomial distribution

The following assumptions should be justifiable if this distribution is to be
applied in biostatistics.

(a) The relevant variable is dichotomous, i.e., divided into two separate classes,

(b) Neither of the classes is rare with too low proportion in the population,

(c) Each event or case of any of the two classes occurs at random and independent
of all other events or cases.

(d) The known proporiions of the two classes have remained unchanged before
and during sampling.

(e) The distribution of events of the p class has its mean and variance amounting
respectively to np and npg.

Example 3.8.1. :

Work out the binomial probability of random occurrence of 7 male rats in a
sample of 10 rats drawn from a rat population consisting of 48% male and 52%
female animals, Interpret your resuit, (o = 0.01.)

Solution : '

_ percentage of males _ 48
100 100
n=10. X=7=n-3. n-X=10-7=3.

=048. g=1-p=1-048=052,

n n "= H{ﬂ o | e ﬂ(ﬂ - l}(ﬂ g 2) A= "
(p+q)' =p +np 'q+—*l-x—2lp 1‘*”"?&? PG F et
pey = MO=D=2) y s 1000-DA0=2) o 1o 0is _ 010,
Ix2x3 Ix2x%3

Alternatively, using the Bernoulli expansion :

| pX X ] 3
PTy= g o 101 048" x052° _

Xi(n=X)  71(10-7)!
a=001. . P>00l

As P exceeds the chosen o, the given number of 7 males has occurred in the
sample due merely to random sampling and has no significance (P > 0.01).

0.10.
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3.9 Poisson distributions

Some dichotomous variables are so divided into two classes that one of the latter
is a rarc one with its proportion very close 1o zero in the population, while the other
class forms a large proportion of the population, Poisson distribution is the probability
distribution of random accurrences, in the sample, of different numbers of events or
cases of the rare class of such a dichotomous population. It does not apply to the
larger and more frequent class of the variable,

Poisson distribution consists of a series of terms, each for the probability of
random occurrence, in a sample, of a specific number of rare events or cases when
the proportion (p) of the rare class in the population is known. If X is the number of
rare cases in a sample of size n, P(X) is the Poisson probability of random occurrence
of X in the sample, and e is the base of natural logarithm,

p¥
=pap: P(X)=—/——.
H=np (X) X1 oF
The theoretical model worked out by Poisson equation consists of the following
series of terms for probabilities of random oceurrences of successive numbers of rare -
events.

No. of rare 1=
events(): 0 L 2 3 4 5 .. p
Bl ok b R gt
SR (7T TP TP i nle*

3.9.1. Properties of Poisson distribution .

Following properties should be kept in mind for applying the Poisson distribution
to biostatistics.

(a) It is a theoretical probability distribution based on the theoretical model of
the Poisson equation. :

(b) It is a discontinuous probability distribution because the rare cases or evenls
scaled in the abscissa or x-axis occur only in whole numbers. (e.g., 1, 2, 3, ete.) with
intervening gaps, not in fractional units. :

(c) It is a probability distribution of random occurrences of events of the rare
class of a dichotomous variable, but not of the other and more frequent class,

(d) Each rare event or case occurs in the sample at random obeying laws of
prabability, and independent of all other rare events.

() The rare events may occur cither spatially at different sites on a particular
instant, or temporally in the same system at different times. Both types obey the
Poisson distribution,
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(f) The proportion p of events or cases of the rare class is very low — almost
close to zero, while that of the other class is very high and nearly 1.00.

(g) The mean (1) and the variance (0%) of a Poisson distribution are ldenuca!
dependent on the propertion p of rare cases in the population, and less than 5 in
value, '

H=o=np <5,

(h) Poisson distributions possess positive skewness which declines with the rise
in . & !
(i) Poisson distributions possess leptokurtosis which also declines with the rise
in . However, neither the positive skewness nor the leptokurtosis disappears so long
as the distribution conforms to the Poisson model.

3.9.2. Assumptions for Poisson distribution

The fiviowing assumptions should be justifiable if Poisson distribution has to be
applied to the data. - '

(a) The relevant variable is dichotomous, i.e., divided into two classes,

(b) The class, to which Poisson distribution is proposed to be applied, should be
a rare class with near-zero proportion in the population.

(c) Each event or case of the rare class should occur in the sample at random
and independent of the occurrence or absence of other rare events or cases.

(d) Mean and variance of the distribution of events of the rare class should be
identical, directly proportional to the proportion of such events in the population, and
lower than 5 in value. .

(¢) The known proportions of the two classes in the population should remain
unchanged before and during sampling,

Example 3.9.1.

Work out the Peisson probability of ﬂnd.mg 9 mutant houseflies in a sample of

500 houseflies drawn from a housefly population known to have B0 mutants per .
10000. Interpret your result. (o = 0.05,)

Solution ;

_ No.of mutants in given population size
Given population size

80
=—— = 0008
10000 Lot

i = np = 500 x 0.008 = 4.00.
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X -

1 9
P(X)=-t—, or PO)=—

X!t 91! .
The computed Poisson probability is interpreted in the same way as in the case.
of binomial probability (Section 3.8).
o = 0.05. P =0.013. s P <005
Since the computed Poisson probability is lower tha the chosen o of 0.05, the
given number of 9 mutants has not occurred in the sample due to mere random
sampling, and is therefore significant (P < 0.05).

=0.013.

3.10 Summary

Scores or cases of a variable in a relatively large sample are often tabulated in
a frequency distribution, where they are entered in the respective class intervals into
which the entire range of scores or cases has been divided. Qualitative, continuous
and discontinuous frequency distributions are worked out for the respective types of

‘variables. Frequency polygons and histograms are drawn for graphic representation
and comparison of frequency disiributions of continuous measuremient Variables;
simple and multiple bar diagrams are used for discontinuous and qualitative frequency
distributions.

Relative frequencies of scores or cases in infinitely large samples may be used
in working out their probability distributions. Probability distributions may be

.continuous or discontinuous according to the continuous or discontinuous natures of
the variables. Theoretical probability distributions are worked out theoretically
according to specific mathematical models: experimental probability distributions. are
formed from experimentally obtained data.

Normal probability distributions are theoretical and continuous probability
distributions, worked out using Gaussian equation, Continuous measurement variables,
whose scores are determined by the random influences of innumerable non-interacting
variables, possess normal distributions of their scores in the population. For working
out a normal distribution, each score of the relevant variable is transformed into a
standard z score expressed in sigma (¢) units. Unit normal curve is a standard
reference form of normal distribution, assuming the values of sample size, D and
interval length as 1.00 each. The normal curve is a unimodal, bilaterally symmetrical,
bell-shaped curve with asymptotic tails, no skewness and medium degree of kurtosis.
Skewness gives the degree and direction of bilateral ‘asymmetry of a distribution
while kurtosis is the degree of peakedness of the latter.

Student’s ¢ distributions are also theoretical and continuous probability

-distributions which are unimodal, bilaterally symmetrioal nonskewed, but leptokurtic,
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Distribution of any continuous measurement variable, distributed normally in a
population, conforms to the ¢ distribution in small samples from that population,
Student’s ¢ distributions are worked out theoretically, using Gossett’s equation and ¢
scores obtained like z scores by transforming the scores of the relevant variable into
standard forms in sigma units. The ¢ distributions are numerous and differ from each
other according to the degrees of freedom of the ¢ values used in computing them,

Binomial distributions are theoretical and discontinuous probability distributions.
They give the probabilities of random occurrences of the events of either or both
classes of a dichotomous variable, provided neither class is a rare one in the population.
They are computed theoretically using the binomial equation and the proportions of
both the classes in the population. Most binomial distributions are either positively
or negatively skewed, and either leptokurtic or platykutic.

Poisson distributions are theoretical and discontinuous probability distributions,
giving the probabilities of random occurrences of events of the rare class of a
dichotomous variable, They are computed theoretically using Poisson's equation and
the low proportion of the rare class in the population. Poisson distributions’ are
positively skewed and leptokurtic.

3.11 Terminal questions

1.  (a) What are frequency distributions?

(b) Describe how yon would work out a continuous frequency distribution.
(c) Write briefly about histograms and their use.

2, (a) What are probability distributions?

(b) Write briefly about different types of probability distributions with
cxamples.

(¢) Describe the properties of Poisson distributions, quoting the Poisson
equation,

3. (a) Write how frequency polygons are drawn, using the original
frequencies of scores of a frequcnr.:y distribution and also their
smoothed frequencies.

(b) Desecribe the drawing and uses of simple and multiple bar diagrams. .
(c) Write about the skewness of distributions, mentioning the cnﬁfﬁcianis
of skewness,

4. (a) Explain what is meant h}f a binomial probability dlsmbumn

(b) Describe the properties of binomial distributions,
() Explain how the binomial probability can be worked out with the
binomial expension. .
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(d)

{(a)
(b

(<)
(a)

(b)

(a)

(b)
(c)

Work out the probability of random occurrence of 12 male pigeons
in a sample of 20 pigeons drawn from a pigeon population known to
have a male : female ratio of 45 : 55.

Compare the assumptions for binomial and Poisson distributions,
Work out the probability of random ocurrence of 3 thalassemia cases
in a sample of 150 humans from a population having 7 thalassemia
patients per thousand. Interpret your result, (¢; = 0,05).

Discuss the properties of Student's ¢ distributions,

Explain what you understand by normal distribution and unit normal
curve, quoting their equations,

Discuss the proberties of normal distributions. L

Work out a frequency distribution of the following body weight scores
(kg) of a sample of chimpanzees into five class intervals,

67, 64, 73, 66, 67, 58, 77, 63, 65, 63, 73, 65, 64, 57, 78, 61, 77, 57,
72, 79, 70, 56, 68, 74, 70, 61, 59, 62, 80, 60.

Write briefly on skewness and kurtosis, giving examples.

Discuss the assumptions for binomial distributions.

3.12 Answers

Is

(a)
()
(c)
(@)
®)
(c)
(a)
(b)
(c)
(a)
(®)

(c)

(d)
(a)
(b)
(c)
(a)
(b)
(a)
(b)
(e)

Sec the first paragraph of Section 3.2.
See Sub-section 3.2.2.

See Sub-section 3.3.2.

See the first pragraph of Sub-section 3.4.1.
See Sub-section 3.4.1.

See Section 3.9,

See Sub-section 3.3.1,

See Sub-section 3.3.3,

See Sub-section 3.6.1.

See Section 3.8.

See Sub-gzection 3.8.1.

See Section 3.8.

See Example 3.8.1.

See Sub-section 3.8.2 and 3.9.2,
See Example 3,9.1,

See Sub-section 3.7.1,

See Section 3.5.

See Sub-section 3.5.1.

See Example 3.2.1.

See Sub-sections 3.6.1 and 3.6.2,
See Sub-section 3.8.2.
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Unit 4 0 STATISTICAL INFERENCE AND
HYPOTHESIS TESTING

Struéture
4,1 Introduction
Objectives

4.2 Significance tests
4.3 Null hypothesis
4.4 Levels of significance
4.5 Errors of inference
4.6 Difference between means by z scores
4,7 Student’s ¢ tests
4.8 Chi square tests
4.9 Summary

4.10 Terminal questions

411 Answers

4,1 Introduction

In this Unit, you will learn how to apply stastistical principles and methods in
carrying out the follow-up of experimental observations to investigate whether and
how far they may be meaningful for the population. You will be told about how' to
explore whether or not the results obtained by working with a sample can be
generalized for the entire population. Stepwise use of statistics in the analysis and
interpretation of experimental data will be presented and explained to you, You will
learn some widely used statistical tests for making inferences using probability
distributions such as normal and Student’s r distributions. You will also know how
to work out the probabilities of going wrong in the inferences drawn from experimen
results. ; '
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Objectives
After studying this unit, you should be able to do the following :

® consider the probability of the observed results arising from sampling errors
due to random sampling,

@ follow the stepwise use of statistics in interpretation and inference,

® define null hypothesis and alternative h}rpnttmsis. and realise their respective
roles in conducting an experiment and interpreting the experimental ohservations,

® understand the importance and the use of levels of significanice in finding the
probability of the results arising from random sampling,

® distinguish between two types of errors of inference and proceed to limit their
probabilities,

® wansform the observed scores of large samples to standard z scores and interpret
the latter using the unit normal curve,

® transform the observed scores of small samples to Student's ¢ scores and interpret
the latter using Student’s ¢ distributions with respective degrees of freedom,

® state the probability of emor in inferring the observed result as significant,

® use the nonparametric chi square test to find whether or not an observed
frequency distribution fits significantly with a model frequency distribution,
and :

® work out the chi square test of independence to explore whether or not there
is any significant association between two given variables,

4.2 Significance tests

Suppase that in exploring the effect of a given independent variable on a specific
dependent variable, you have applied two different levels (i.e., amplitudes, doses,
intensities, concentrations, etc.) of the former on two groups or samples of animals
from the same population, and subsequently found a difference (X, - X,) between the
group / sample means of scores of the dependent variable. You have, however, leamnt
in paragraph (c) of Sub-section 2.6.3 that the means of two groups /samples from the
same population, even when not affected at all by any independent variable, may
differ from one another owing to their different sampling errors. So, it may be that
the observed resull, viz., the difference (X " X.), does not indicate that the independent
variable has actually affected and changed the scores of the dependent one; instead,
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the observed difference may as well have arisen from the difference between the
sampling errors (s,) of the two means, consequent upon random sampling — there
might not have been any difference between the means if the levels of (he independent
variable would have been applied on the entire population, Such a probability would
always persist so long as samples are used instead of the population, whatever precizion
and caution be used in sampling to make the samples truly representative of the
population. You would be right to guess that the result of any such experiment using
samples would be open to two alternative inferences. One, the obtained result is not
meaningful, i.e., not significant, has come from chances associated with random
sampling, would not have occurréd if the population were used instead of samples,
and can thus be explained away by sampling errors; the other, the observed result is
meaningful and significant, is not the outcome of chances:of random sampling, and
cannol be explained away by sampling errors. To inferwhich of these two alternatives
may be upheld, a significance test has to be undertaken to find statistically whether
the probability of the observed result cccurring by chance is too high or too low, If
this probability is feo high, it is inferred that the obtained resuit of the experiment
15 not significant and not fit for generalization in the entire population; on the contrary,
if the probability of its chance occurrence is foo low, the result under consideration
is significant or meaningful and can be generalized in the population, '

For a significance test, in most cases, the experimentally obtained result (e.g,, a
difference between means, & correlation coefficient, ete.) is first transformed into a
standard score (e.g., z f, %' and F) and the latter is referred to the corresponding
probability distribution (e.g., normal, 1, % or F distribution) to find the probability
of its chance occurrence. To judge whether that probability is too high or too low, it
is compared with a chosen probability level called the level of significance (er). You
will learn in Sub-sections 4.6.2, 4.7.3, 4.7.4, 5.3.3, 5.5.1, 6.3.4 and 6.4.3 as also in
Section 5.6, about significance tests for a number of computed statistics.

4.3 Null hypothesis

Each experiment or investigation is intended, designed and performed to
substantiate or prove a proposed conjecture called the experimental hypothesis; the
latter is generally known in statistics as the alternative hypothesis (H ) because it is
the alternative to and is contested by another hypothesis (H,) which would be subjected
to a significance test. The H_ is called the null-hypothesis because it contradicts,
contests and tries to negate or nullify the assertion of the alternative hypothesis. The
testing of hypothesis consists basically of the working out of probability of correctness
(P) of null hypothesis and finding whether that probability is too high or too low.
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In general, the null hypothesis proposes that the experimental result is not
significant or meaningful, that it is the outcome of using a sample drawn at random
by laws of probability, and that it would not be obtained if the entire population were
used instead of the sample, Its elaborate statement, however, varies according to the
assertions of diverse alternative hypotheses it contests, For example, where the H,
proposes that there is a significant difference between two means (i.e,, X #X % 1hc
H_ contends that there is no significant difference between those means (i.e., X
X } but if the H_ states that the mean of sample 1 is significantly higher than that
uf sample 2 (i.e., X >X h the H proposes that X is not significantly higher than
X (e, X, » X } Where the H proposes that there is a significant correlation
hetween twn given variables, the H contends that there is no significant correlation
between the two. If the H_ states that the frequency distribution of phenotypes 6bserved
in the sample does not fit with Mendel’s 9 : 3 : 3 : 1 distribution, the H, proposes
that there is a significant goodness of fit between the observed distribution and the
Mendelian distribution. y

* In any significance test of the obtained experimental result, the probability (P)
of the correctness of H is first worked out, and then compared with a chosen
probability level called the level of significance (@). If P is found to exceed the o,
the P is considered foo high; so, the H_ is then retained, the H_ is rejected and the
observed result is not significant (P > o). But if P is found to be either equal to or
lower than the' o, the P is considered foo low; hence, the H_ is then rejected, the H,
is accepted and the observed result is significant (either P = a or P < o).

The H, is bound to be tested whenever an experiment is performed with a
sample; but the H need not be considered or tested when the entire population is
subjected to an experiment,

4.4 Levels of significance

A level of significance (ct) is that particular level of the probability (P) of
correctness of H_, which is compared with the P worked out in a significance test
for considering the rejection or acceptance of the J . It is that maximum level of
probability, up to which the P worked-out in the significance test is considered too
low, and above which the worked-out P is considered too high, In other words, if P
exceeds the chosen o, the probability of the H being correct is taken as too high so
that the H cannot be rejected and the observed result is considered nof significant
(P > o). But whenever P does not cross the chosen o, i.e., whenever the computed
P is either equal to or lower than the o, it is taken to be so low as to warrant the
rejection of the H_; the observed result is then considered significant (P < o).

In l':t1«t:qii;atlst.|1::s1 0.05, 0.02, 0.01 and 0.001 levels of & are usually used for
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comparing with the worked-out P. The latter may be compared either with one
particular level of o as chosen by the investigator, or successively with different
levels of o in a descending order from 0,05, In the second case, the H, may be
rejected and the result considered as significant at or below that lowest level of o
which either exceeds or equals the computed P, (P < o). For example; if P is lower
than 0.05, it is significant there, but is next compared with the next lower o of 0.02
to find if it is significant even there; this is repeated with successive lower levels of
ot until that lowest o, is reached which exceeds or equals P. This process is preferable
as the lower the o for significance, the lower is the probability of type I error of
inference (Section 4.5). For example, il P is lower than 0.01 (P < 0.01), then out of
100 such cases, the result may be wrongly considered significant in less than one of
the cases; but if P equals 0.001 (P = 0.001), in only one in 1000 such cases the result
may be wrongly considered significant. Thus, the lower the « at or below which the
result is considered significant, the fewer are the cases wrongly declared significant
" and consequently the lower is the probability of type I error.

4.5 Errors of inference

Whether or not the experimental result is considered significant, there are
probabilities of errors of inference because the inference derived from either the
rejection or the acceptance of the H depends in both-cases on the probabilities, P and
[

Type [ error of inference results from the wrong rejection of a correct H_, thus
inferring an experimental result as significant when it is actually not slgmficant This
error arises from the use of the level of significance (@) in rejecting the cormect H,
and consequently has a probability identical with the o used in l:c-nsidcdng"lhc
computed P as too low (P < ); so, the probabilily of type I error has the symbol o
identical with that of the level of significance. It follows that the probability of type
I error may be lowered by using a lower level of significance in comparing with the
probability (P) worked out in the significance test. Thus, il P equals the o of 0.05
(P = 0.05), there is a probability of 0.05 for the type I error — out of 100 such cases,
such results of any 5 cases would actually be not significant, having resulted from
mere random sampling; but if the Hﬂ is rejected because P equals 0.01 (P = 0.01),
there is a much lower probability of 0.01 of the type I error. (See also the last
paragraph of Section 4.4 and Sub-section 4.7.2,)

Type Il error of inference is the opposite of the type I error. It is the error
resulting from the Wrong acceptance of a wrong H , thus leading to a wrong inference
that the experimental result is not significant whun the latter is actually significant.
The probability of type Il error (B) has a reverse relation with that of the type [ error
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(&) and may amount upto the value of (1 - o). In other words, the type E[ error ()
is given by that fractional area of H_distribution which overlaps with the area of H
distribution beyond the area for o in the latter (Fig, 4.1). Thus, the probability of type

(a) (b) !
Fig 4.1. Reverse relation between type 1 and type I errors, [From D, Das and A. Das, Stafistics
in Biology and Psychology, 4th ed,, Academic Publishers, 2003.]

[T error rises with the fall in the type I error or the lowering of the level of significance.
So, if ¢ is chosen to be 0.05, the probability of type II error may be as high as 0,95,
* but may rise still higher upto 0.99 if o is chosen to be 0.01, B also rises with the
increasing proximity and overlap of H and H_ distributions (Fig. 4.2)

Fig 4.2. Difference in type Il error (B) between (a) and (b) because of change in proximity of £
and H, distributions. [From D, Das and A, Das, Statistics in Biology and Psychology, 4th ed.,
Academic Publishers, 2003.])

In order to limit the chances of wrong inferences leading to positive consequences,
reduction of type I errors by using lower levels of significance is preferred even at
the cost of rising chances of type II errors. The latter may be reduced by choosing
a relatively more powerful statistical test for interpretation.

The statement of inference of any test should be followed by the mention of
either P <o ,or P= otor P> o, as the case may be, and giving the numerical value
of the o used, so as to indicate the probability of type I error in the inference.
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4.6 Difference between means by z scores

To find the significance of difference between means of a4 dependent variable in
large samples (n = 30) from a population with normally distributed scores, a
significance test is performed by transforming that difference into a standard z score
and referring the latter to the unit normal curve for interpretation.

4.6.1, Assumptions for nsing z scores

Following assumptions should be justifiable if z scores are to be used in finding
the significance of differcnce between two sample means (X Y= fz}.

(a) The dependent variable should be a continuous neasurement variable with
its scores occurring even in infinitely small fractional units without any intervening
gaps in their scale.

(b) Scores of the dependent variable should be distributed in a normal distribution
in the population from which the samples have been drawn.

(c) Samples should be large in size (n = 30) so that the distribution is normal
and mesokurtic, and their means should have a normal sampling distribution.

(d) Each score or case should occur af random in the sample, obeying the laws
of probability and independent of other scores of the variable,

(e) Samples should initially come from the same or similar population(s) so that
their statistics such as means and variances are initially homogeneous.

4.6.2. Computation and inference

The null hypothesis (H ) proposes that the observed difference (X, - X)) between
the sample/group means is not significant, has resulted from the choice of the sampie
by random sampling, and would amount (o zero if the experiment were undertaken
using the population instead of random samples. To find the probability (P) of the
H_being correct, the difference (X, ~ X,) is ransformed into the z score. (Sec Example
4, 6 1 also.) Where n, and n, are 'lht: réspective smplefgmup sizes, 5, and s, are the

respective SDs, 5y, and Sy, are the SEs of the respective means, and f3 _g. is the SE
of the diffﬂrente._ '

: 3 A2 =y
v, ¥ ot o X -XY [ztxz X.)',
n 'H]! "1_1 ﬂ1—1

5 L _r'1 T _f:‘fz
J__- SF; _T sft-fl = in +Sf|_" z_ !"

X=X,
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Next, the fractional area of the unit normal curve from its mean (W, or z score
0.00) to the computed z score is noted from the unit normal curve table and used
in working out the probability (P) of the H, being correct.

P = 2 [0.5000 — (area of unit normal curve from p to computed z)).

If the computed P is either equal to or lower than the chogen o (0.05 or lower),
P is considered too low and the H,, is rejected — there is thus a significant difference
between the sample / group means (P < ). But if P exceeds the o, P is taken to be

too high and the H, is retained — there is then no significant difference between the
means (P > o).

Example 4.6.1.

Find whether or not there is a significant difference between the Iﬁean tracheal

ventilations (ml/minute) using the following data of two groups of insects. (o =
0.05).

X, : 3.0,35,38,3.7,3.1,27,3.0, 3.8, 2.5,29,3.1,33,2.6,3.0,29,24,25,
3.2, 2.6, 3.8.

X;: 2:6,2.7,2.5,3.0,33,29, 2.8,3.5,3.1, 23, 2.5, 3.0, 3.3, 2.5, 28,32, 26,
3.2, 30, 2.2,

Z BCoTes ! 1.83 1.B4 1.85 1.86 187 188 1.89 190
Areas of

UNC : 4664 4671 4678 4686 .4693 4699 4706 4713
Solution :
The data are entered in the first two columns of Table 4.1 for computations,

=20 n, =20 X = £ "ﬁ—zz-n'{—]"llﬂnﬂ.fz——=—'=235nﬂ.

(X - X)) X} E(x X}
1‘ = .J hop —0480ml 5= .!‘ ,i =0.359 ml.

s, 0480 5 0359

5%, =~J_———J—-~{llﬂ?3nﬂ J_ —-JT'—ﬂ.ﬂEﬂiiml

$3,-%, =55, + 5§, =V/01073" +00803" =01340 m.

_X,-X, 310-285

= =187,
] fl' fl.- ﬂ.l 34ﬂ

z
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Table 4.1. Computation of sums of squares.

i XX, XX, (X,-X,)? (X,-X,)?
3.0 26  -0.10 - 0325 0.0100 0.0625
35 27  +040 - 0.15 0.1600 0.0225
3.8 25  +070 -0.35 0.4900 0.1225
3.7 30  +0.60 +0.15 0.3600 0.0225
3.1 33 0 + 045 0 0.2025
2.7 29  -040 +0.05 0.1600 0.0025
3.0 28 -010 - 0.05 0,0100 0.0025
3.8 35  +070 + 0.65 0.4900 0.4225
2.5 3.1 - 0.60 +0.25 0.3600 0.0625
2.9 23 -020  -055 0.0400 0.3025
3.7 25 4060 - 035 03600 -+ 0.1225
33 30 +020 + 0.15 0.0400 00225
2.6 33 =050 + 0.45 0.2500 0.2025
3.0 25 -0.10 - 035 00100 - 01225
2.9 28 -020 - 0.05 - 0.0400 0.0025
24 32 -070 + 0.35 0.4900 0.1225
25 26 -060 -0.25 0.3600 0.0625
32 32 +010  +035 " 0.0100 0.1225
2.6 30 -050 + 0.15 0.2500 0.0225
3.8 22+ 070 - 0.65 0.4900 0.4225
Y 620 510 — — 4.3800 2.4500

P = 2 [0.5000 — (area of unit normal curve from j to computed z)]
= 2 [0.5000 — (area of unit normal curve from p to 1.87))
= 2 [0.5000 - 0.4693] = 0.06.
a = 0.05. :
- As the computed P exceeds the chosen o of 0.05, P is too high. So, the H_ is
retained and there is no significant difference between the group means (P > 0.05).

4.7 Student’s ¢ tests

To find the significance of difference between means of a dependent variable in
two small samples (n < 30) and even in large samples (n 2 30), drawn from a
population with normally distributed scores, Student's ¢ test may be undertaken. For
this, the difference between the means (X, — X,), is first transformed into Student’s

73



v

t by dividing it with the SE of the difference (55,_%,). The computed ¢ is then
compared with the crirical t for a chosen level of significance, for finding the
probability (P) of the H_ being correct. The method of computing the ¢ score varies

according 1o the nature and size of samples/groups subjected to the 1 test (see Sub-
sections 4.7.3 to 4.7.5), ;

4.7.1. Assumptions for ¢ tests

Following assumptions should be justifiable if 1 tests have to be undertaken,

(a) The dependent variable should be a continuous measurement variable with
ils scores occurring even in infinitely small fractional units without any intervening
gaps in their scale,

(b) Scores of the dependent variable should have a normal distribution in the
population from which the samples or groups have been drawn,

(c) Each score should occur @t random in the sample obeying the laws of
prabability and independent of other scores of the variable,

(d) Samples or groups should initially come from the same or similar population(s)
s0 that the variances of their scores are initially homogeneous (homoscedasticity).

You should understand from these assumptions that discontinuous measurement
variables like heart rates and cell counts, ordinal variables like ferocity and docility,
or nominal variables like sex and fur color cannot be subjected to 1 tests, :

4.7.2. Critical scores

After transforming the experimental result, e.g., X, — X » into the score of a
statistic such as , F or %% the probability (P) of the comectness of H, has 1o be
worked oul by comparing that computed score of the statistic with a critical score of
the latter. A critical score of such a statistic as 4, F or ¥ for a given level of
significance (o) is that score beyond which lies a fractional area equalling the given
o in the tail of its probability distribution. Because most statistics such as I, F and
%’ possess specific degrees of freedom, and because their probability distributions
differ-according to their df, the critical score would differ with the df. So, the computed
f, F or x* must be compared with its critical score having the same df, It may be
recalled here that the probability P of random occurrence of any computed score like
t or %? is given by the fractional area beyond that score in the tail of its probability
distribution; so, if the computed ¢ exceeds or equals the critical r for a given @, the
area P beyond the computed 1 is respectively lower than or equal to the area o
beyond the critical ¢ and is consequently considered too low (P < a); but if the
computed / is lower than the critical 4, the area P beyond the former exceeds the area
a beyond the latter and is consequently considered foo high (P > o). The experimental
result is thus'taken respectively as significant and not significant. The same may be
said about F, %% ctc., into which the experimental result may be transformed.
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Even with the same df and for an identical ¢, the critical score would differ
between a two-tail test and a one-tail test. A one-tail test investigates whether there
is a significant higher-lower concept, such as whether or not X , is lower than X: £
for such a test, the entire area of o occurs beyond the critical score in a single tail
of the probability distribution. But a fwo-fail test investigates simply whether or not
the obtained result is significant, with no concern for any higher-lower concept, such
as whether or not (X, - X,) is significant irrespective of its algebraic sign; for such
a test, the arca of the chosen o is distributed in equal halves beyond respectively the
positive and negative values of the critical score in two tails of the probability
distribution, Evidently, the critical scores for a given o are different for the two types
of tests, that for the one-tail test being lower than that for the two-tail test, Some

.examples are given in Table 4,2,

Table 4.2, Some critical 1 values.

o= 005 o =001 o= 0005 o=0001
il 2-tail  1-tail 2-tail  1-tail I-tail 2-tail
10 27228 1812 3169 2764 3.169 4.587
15 2131 1753 2947  2.602 2.947 4.073
20 2086 1725 2845 2528 2.845 3.850
30 2042 ° 1697 2750 2457 2.750 3.646
60 2000  1.671 2660  2.390 2.660 3.460
o 1960  1.645 2576 2326 2.576 3.291

4.7.3. t test for small independent groups

Student's ¢ is worked out by dividing the difference (X, — X,) between two
sample/group means with the SE of that difference (5g_z ). In case each group is
smaller than 30 in size and the two groups are independent, consisting of separate
sets of cases or animals, the 5D to be used in computing S5 _z, is worked out as the

peoled SD (5) of both the groups.

fl=£l_'; f1=
n, n,

N B R X~-X
S g =8 |22y t=—"2 df =p +n,-2.
i A Tty apay

The computed 1 is next compared with a 2-tail or 1-tail eritical I fOr a chosen
significance level, according as a 2-tail or 1-tail test is being performed, If the

EX:: E=JE(X1"E|}I+£(X1_EZ}I_

ntn -2
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computed ¢ exceeds or equals the critical ¢, P is lower than or equal to that ¢ and
the result 1s considered significant (P £ o); but if the computed ¢ is lower than the
critical ¢, , P is higher than that o and the result is not significant (P > a). Alternatively,
the computed ¢ is compared with critical r_ «n Values of successive lower levels of
significance starting from 0,05 and the lowest level of « is found out, at or below

which the computed ¢ exceeds or equals the eritical 1, and the result may be considered
significant, :

Example 4.7.1.

Find if there is a significant difference between the mean body wcights: (g) of
- the following two groups of fishes from two different habitats. (o = 0.05.)

Group 1 (X)) : 85, 90, 80, 75, 70, 75, 80, 90, 85, 80.

Group 2 (X)) : 55, 65, 60, 75, 80, 70, 55, 60, 80, 70.
Critical 2-tail t scores : foasqey = 2:093: £ o5y = 2,101,

toasty = 2086, fo00in = 2110,

Solution :
Table 4.3, Computation of sums of squares,

X, X, Xx-X x,-X)» X-X X, - X,)*
85 55 + 4.0 16.00 - 120 144,00
90 65 +9.0 81.00 -2.0 4.00
80 60 - 1.0 1.00 - 7.0 49.00
75 15 ~ 6.0 36.00 + 8.0 64.00
70 80 - 11.0 121.00 ©  +13.0 169.00
75 70 - 6.0 36.00 +3.0- 9.00
80 55 - 1.0 1.00 -120 144,00
90 60 - +90 Bl.OO . -70 49.00
85 80 +40 16.00 +130 . 169.00
80 70 - 1.0 1.00 +30 9.00
Y, 810 670 - 390.00 — 810.00
- _EX, 810 = IX, 670
m=10. m=10. X, = = =7 =808 X;= H1_=—IE=§?.ng.

. JE{X. ~ X))+ 3(X, - X)" _ szuﬂmsmm hits

1, —2 - 10+10-2

o [+, 10+10
s =B_lﬁ —3‘.549 .
i S vt T %
78




X,~-X, 810-670
Sg_x, 3649

=

=3837. df =m+n,—-2=10+10-2 =18.

Critical 1, p5qp = 2101,

As the computed ( is higher than the critical 1., P is lower than 0.05 and is
considered too low. So, the H, is rejected and it is inferred that there is a significant
difference between the group means. (P < 0.05.)

4.7.4. ¢ test for large independent groups

With rise in sample/group size and consequently in the df] ¢ distributions come
closer to the unit normal curve, and coincide with the latter when df amounts to s,
‘So, instead of using z scores, ! test can also be undertaken to find the significance
of difference (X, - X,) between means of two large independent groups (n, 2 30,
n, 2 30) consisting af two separate sets of cases or animals. For such large groups,

{X - X,) is transformed into ¢ by division with sy 5 worked out with separate
unbmsed SDs of the individual groups.

patho g T, .. ’E{X_-—_’_‘"ﬂi; p = [P X
n, m ny -1 ny—1

2 1 3 Vv
= (g, t=ﬁ; df =nm+n, -2,
o h -5

The computed f is compared with eritical , .. If the computed ¢ exceeds or
equals the critical _, P is either lower than or equal to that & and is considered too
low. So, the H is rf:]ecte:t and the difference between group means is significant
(P < o). But if thc computed ¢ falls short of the critical r_, P exceeds the @ ; so, the
H_ is retained and there is no significant difference between the means. (P > a).

Example 41.2.

 Using the data of Example 4.6.1., find if the mean (X,) of group 1 is significantly
higher than that (X o) of group 2 (o = 0.05).

(Please note lhat although this method is to be used for groups equalling or
exceeding 30 in size, groups smaller than 30 have been used in this example for the
sake of brevity.)

1-tail critical 1 scores : fopap = 1689; fo4s1, = 1.689;
touscany = LT25; gy = 1689,
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Solution :
Please refer to Table 4.1 for computation of means and sums of squares.

'I—iiﬂrlz"z{} X-—Ei ﬂz'ﬂ;. ] ;f:_%_s?-n

AN o [0 L oagp, = (B Xe) _ [24500
m—1 20~1 n.—} Y 20-1 '

' o 2 2
B e NS il Rl =().1340.
Tl e oy 20 20

_X,~X, _310-285
55 -, {]1341'.)

=1866. df =n;+n, -2 =20+20-2=38.

Critical ]-tail fnniuaj = 1.689.

As the computed ¢ exceeds the 1-tail critical byos» £ 18 lower than 005 and

considered too low. So, the H,_ is rejected and X ts 5:gl'ut"'n::antl},-r higher than
X, (P < 0.05).

4.7.5. t test for small single-group experiments

If the same set of animals is used once as group 1 and again as group 2, it is
asingle-group experiment with each individual animal having a pair of scores correlated
with one another. But if the single group is small in size (n < 30), the correlation
coefficient (product-moment r) cannot be worked out between the paired scores of
the twe groups for use in computing 1. So, a difference method is used for the ¢ test
in such single-group expertments to avoid the necessity of computing the r.

In the difference method, the difference D is worked out between the-paired
scores (X, and X)) of each of the n number of animals in the group, and used in
computing the mean d:ffcrencc (D) and the standard deviation (s,,) of the D scores.

D is wansformed into ¢ using the standard error (85) of D.

_ ¥D 'L(n—ﬁ}z' 5p
=X —X: ﬂ:a—; =— =
D I i = ,'SD | 5 J;; :

r:ﬁ; E df:n-l_

5

=

The computed 1 is compared with critical 1., values. Only if the computed 1
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either exceeds or equals the critical ¢, P is respectively lower than or equal to that
o and is considered too low — the difference between the means is then considered
significant (P < ).

Example 4.7.3.

Find whether or not there is a significant change in the mean O, consumption
(ml/100g bodyweight) in the following sample of pigeons after their exposure to
antimycin A.

Animal S 2 3 4 5 6 7 8 9 10

Before (X)) : 160 176 182 179 184 167 180 158 162 176

After (X,) : 130 148 150 145 158 142 143 130 131 147

Critical 2-tail £ SCOreS : fo =2.306; 10,5 =2.262; fyoy=3.355; 1y4;0=3.250;
=5.041; 1 10=4781. .

{:I DOL{B)Y 0001 (%)

Solution :

The data are entered in ma first three cnlumns of Table 4.4 and used for working
out the mean and the sum of squares of the differences (D).

Rl D 2w an0 JE(D Dy J =365,
n 10 n—-1 10-

85 . 365 D.

== =1154, l=-—-— -1 =10-1=
S5 z Jﬁ s, 1154 = 25997. df=n-1 =10-1=9.
Table 4.4. Computation of sum of squares of differences.
Animal X et D=X-X, D-D (D-Dp
1 160 130 30 0 0
2 176 148 28 -2 4
3 182 150 32 + 2 4
4 179 145 34 + 4 16
5 184 158 26 -4 16
6 167 142 25 -5 25
7 180 143 37 + 7 49
8 158 130 28 -2 4
9 162 131 31 + 1 1
10 176 147 29 -1 1
2 r — 300 _ . 120
Critical 2-tail £,0,,,, = 4.781.
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As the computed ¢ exceeds the critical ¢ for 0.001 level of significance, P is
lower than 0.001. The P being too low, the H_is rejected, and it is inferred that the

mean O, consumption has changed significantly on exposure to antimycin A (P <
-0.001).

4.8 Chi square tests

Chi square tests are nonparametric rests, because neither is any statistic computed
carlier used as an estimate of any parameter in working out the chi square, nor is the
latter referred to normal or ¢ distributions for interpretation. In contrast to other tests
described in this unit, the chi square test is an analysis of frequencies and not g test

for significance of difference between means, Two principal types of chi square tests
consist of fests for goodness of fit and tests for association.

Chi squares (x*) have continuous positively skewed distributions, differing in
shape with degrees of freedom — for chi squares with df of | or 2, the distribition
is L-shaped ; but with the rise in df, the distribution is unimodal with progressively
declining positive skewness. The critical y? is that score, beyond which the fractional
area in only the asymptotic right tail of the distribution amounts to the level of
significance (or). Chi squares are additive.

4.8.1. Assumptions for chi square tests. .

For using chi square tests, it should be justifiable to assume that each case
occurs in the sample by chance due to random sampling depending on laws of
probability, and independent of other cases. Other than this, assumptions for continuous
nature of variable, normal distribution in the population, and ability of scores being
. ranked are not required, So, these tests can be applied on continuous, discontinuous,
ordinal or nominal varibles, large or small samples, and normal or mon-normal
distributions,

4.8.2. Chi square test for goodness of fit

This test explores by analysis of frequencies whether or not a distribution of
- experimentally observed frequencies (f) conforms significantly to a distribution of
expected frequencies (/) based on a proposed theoretical model such as normal, |
binomial, Poisson, equal-probability and Mendelian distributions. :
In this test, for each class interval of the f. distribution observed in the sample,
- the corresponding £, is first computed using the proportional distribution of cases as
proposed by a theoretical model. The differences (f-f ) between the observed and the
expected frequencies are then used in working out the y? score,
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2 o (f=1)
¥=2T

The degrees of freedom of the computed chi sequare are determined by the
difference between the total number (k) of classes of the [, distribution and the
number of classes which have lost their freedom for change to keep the parameters
of the proposed distribution and the sample size constant, Thus, the df of the computed
x* would be (k1) 1o keep the sample size constant if the Mendelian phenotype
distribution is the proposed one, (k~2) to keep the sample size and the W constant
when either binomial or Poisson distribution is used as the proposed distribution, and
(k-3) 1o keep the sample size, jL and ¢ constant if the proposed distribution consists
of a best-fitting normal distribution. -

Yates' correction has to be done to decrease the upward bias in the % to be
computed, if the latter has the df of 1 and any one or more classes are lower than
5 in the value of f . The correction consists of bringing the (f ) difference of each
class closer to zero by 0.5, by deducting 0.5 from each positive (f~f.) and adding 0.5
_ to each negative (f—f ). In effect, for each class,

: corrected (f,~f,)=|f, - f.|-05.
In such cases, it is the corrected (f-f) of each class, which is used in computing
the chi square, Thus, with corrected (f-f) values,

- fl-05*
x?.:Zl:Ifd -t-:.l 5).

The H, proposes that the computed %7 is not significant, having resulted from
random sampling only. To find the probability P of correctness of H , the computed
%® is compared with the critical %* with the computed df and for a chosen o. The
computed %* is significant only if it either exceeds or equals the critical 2 (P £ o),
but is not significant if it is lower than the critical %* (P > o). Finally, only if the x*
is nof significant, there is a significant goodness of fit between the observed and the
proposed distributions; a significant %* indicates no significant goodness of fit.

Example 4.8.1.

Find whether or not the following observed phenotype distribution in a sample
of Drosophila has a significant goodness of fit with Mendelian 9:3 : 3 : 1 distribution,
(o = 0.01.)

Phenotypes :  Grey body- Grey bady- Black body- Black body-
red eye (AB) scarlet eye (Ab) red eye (aB) scarlet eye (ab)
No. of flies ; 104 33 35 . 20
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Critical %* values; xg_mm =1328; I:.um;:“ﬂd;
Kooy =92L; Xfouq = 664,

Solutionm :

Total of phenotype proportions in Mendelian distribution : 9 + 3 + 3 + 1 = 16.
Sample size (n) = 104 + 33 + 35 + 20 = 192,
Expected proportion (p ) of each phenotype

Mendelian proportion of the phenotype

~ Total of all phenotype proportions of Mendel

9
Thus, (i) AB phenotype : p, = 6 = 05625

3
(ii) Ab phenotype : p, = Tn 01875,

: - 3
(iii) aB phenotype : p, =E=ﬂ.lﬂ'}'5;

1
(iv) ab phenotype : p, = 16 =0.0625,

Expected frequency (f) of each phenotype ; f.=np.,

Thus, (i) AB phenotype : f, =np, =192x05625=108,
(if) Ab phenotype : £, =np, = 192x01875= 36,
(iii) aB phenotype : £, =np, = 192x 0.1875= 36,
(iv) ab phenotype : f, =np, =192x00625=12,

Table 4.5. Computation of chi square for goodness of fit,

; : (f,=1.)
Phenotypes ! 3 L f, (f-£) 7
Grey-red 104 108 -4 16 0.1481
Grey-scarlet 33 36 -3 -9 0.2500
Black-red 33 36 -1 1 0.0278
Black-scarlet 20 12 + 8 64 5.3333
- 192 192 B —_ 5.7592
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z
¥ Z—L}I'—]— 576 (Table 45).  df =k-1=4-1=3]

Critical %24 = 1134,

As the computed x? is lower than the critical y* for the given 0,01 level of
significance, P > 0.01. So, the H_ is retained and the computed %? is not significant.

Hence, there is a significant gondncss of fit between the observed phenut}rpe
distribution and the Mendelian distribution.

4.8.3. Chl square test of association

Also known as the chi square test of independence, this test explores whether
or not there is any significant association between two variables.

The data are arranged in this test in a contingency table presenting the relation
between the two variables, The classes of one variable are arranged along the columns
of the table and those of the other along its rows (Table 4.6). Eachi cell of the table
would, therefore, house the observed frequency (f) of cases belonging to a specific
combination of two particular classes, one for each variable. Where r and ¢ represent
the numbers of respectively the rows and colurnns of the table for the f scores, the
df of the % would amount to : (r — 1){c - 1). The total (f) of the f, scores of each
column and the total (f) of those of every row are entered in the respective row and
column for marginal totals,

On the basis of the H of no association between the vanahles. the f, scores of
that many randomly chosen cells, as given by the df, are calculated using the f and
the f; of the respective cells and the sample size (n) : f =f f /n. The f, scores nf the
remaining cells are worked out by subtracting the already obtained [ scores from
cither the f, or the f, of the respective cells. The f, score of each cell'is entered in
the table against the f of that ceil. The difference (f, - f)) between each f, and the
corresponding f, is then used in computing the chi square.

x*= E{f—f—— df =(r=1e=1).
Yates’ correction is done in Lhr. way described in Sub-section 4.8.2 to lower the

upward bias of y? if its df amounts to 1 and any f is found to be less than 5 in
amount, In such a case; :

2
corrected xz = z (/o _,i"'[ —m
The H_ contends that the computed % is not s:gr.uﬁcant and has resulted merely

- from random sampling. To find the pmbabﬂ:ty P of the H_ being correct, the computed
%2 is compared with the critical %4, for a chosen significance level. Only if the
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computed y* either exceeds or equals the critical x% the H is rejected and it is
inferred that there is a significant association between the variables (P < o); if the
critical x* exceeds the computed one, there is no significant association between the
variables and they are significantly independent of one another (P > o).

Example 4.8.2.

Qut of 40 diabetic monkeys, 20 were hypertensive while out of 60 nondiabetic
ones, 15 were hypertensive, Find whether or not there is a significant association
between diabetes and hypertension, (o = 0.02))

Critical %” scores: Xjo =984 %3 =782

Iﬁmm =541, xﬁm, =1167.

Solution ;
Table 4.6. Contingency table for test of association.
Nonhypertensive Hypertensive
- 17 A % i’
Diabetic 20 26 20 4 40
Nondiabetic 45 39 15 21 60
L 65 65 35 35 100 (n)

r=2 c=2 df=@r-De-1)=2-1)EZ-1)=1.
Because the df amounts to 1, only one cell — that for diabetic-hypertensive —
is chosen for direct computation of f . (See Table 4.6.)

oo b 4R3S ¢
== = =14

: fe n 100 '
The f, scores of other cells are worked out by subtracting the already obtained

J, score(s) from either the f or the f. of the respective cells. For example, for the cell
for diabetic-nonhypertensive class,

J, = (f, of that cell) - (f, of diabetic-hypertensive cell) = 40 — 14 = 26,

2 2 = 1 b B
f:Z{f,—m‘:(zu—zﬁ} L 20-14)° | (45-39)°  (15-21)" _
S 26 14 39 21

Critical %) =541

659,

Becuuse the computed y* exceeds the critical 42, P is considered too low. So,

the H, is rejected. It is, therefore, inferred that there is a sipnificant association
between diabetes and hypertension (P < 0.02).
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4.9 Summary

Significance tests are undertaken to find whether the experimental result is genuine
. and can be generalized in the pnpula{iﬂn or whether the result can be explained by
sampling errors. For any investigation using a sample, the null hypothesis (7 ) contests
the alternative hypothesis (H ) being explored, and proposes that the observed result
iz not significant and comes {rom the use of a random sample. Only if a significance
test indicates that the probability (P) of correctness of Hﬂ does not surpass a chosen
probabi]ity level called the level of significance (o), the obtained result is considered
significant and accepted for the entire population. Any such inference is, however,
subject to a type I error of inference for the wrong rejection of a correct H , The type
I error can be reduced by using a lower significance level (o) in mterpretmg the result.
A difference between the means of two samples, expased to two different levels
of an independent variable, may be transformed into the standard z score which is
referred to the unit normal curve to find the P of correctness of H, for drawing an
inference about the significance of the difference. A difference between 1wo means
may also be transformed into Student’s 1 which is compared with critical 1 scores for
different significance levels (o) to draw the inference regarding the significance of
the difference. Chi square test is a nonparametric analysis of frequencies often used
in finding whether or not an observed frequency distribution has a significant goodness
of fit with an expected frequency distribution worked out on a proposed theoretical
model. Chi square test may also be used for cxp]nnng whether or not two variables
. have a significant association.

4.10 Terminal questions

1.(a) Write the assumptions for I tests,

(b) Describe mentioning mathematical formulae, how you would work out the
t test for a small single-group experiment, : .

(¢) Work out Student’s 1 test to find whether or not the exposure to an arsenic
compound has produced significant changes in the body weights (g) of the
following sample of crabs, (o = 0.05.)

Animal AN R T R e T SR
Before (X,): 50 45 55 48 60 58 56 52 47 4.9
After (X)) : 40 37 45 37 48 43 41 39 38 36

Cﬁﬁcal ! scores : rﬂ.ﬂﬂﬂ} =2-ﬂ93; rﬂ.dﬁﬁll =2.261;

;'D,l:ﬁ[lﬂj =21ﬂ1' foum,=2.3(}5.

2.(a) Describe the assumptions for using z scores.
(b) Discuss how the z score is worked out and interpreted in ﬁndmg a significance .
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(c)

3.(a)

4.(a)

(b)

(c)

3.(a)
()
()

of difference between two sample means, mentioning all computational
formulac.
Work out the z score using the following body weight data of two samples of
fishes to find whether or not the sample means differ significantly. (o = 0,05.)
Sample 1 %:'}'B.l}g; 5,=850g; n =36
Sample 2 : X, =744 g; 5,=6T58; n=49

Z Scores : 2.08 2,09 2.10 2,11 2.12

Areas of

normal curve : 04812 04817 0.4821 0.4826 0.4830
Write briefly about the following : (a) Null hypothesis, (b) Levels of
significance. (¢) Errors of inference. (d) Yates' correction. (e) Critical scores.
Describe, mentioning all computational formulae, how to work out Student’s
f test for small independent groups.
Discuss where ¢ test can be used and where not, describing the assumptions
for. 1 tests. .
Work out the ¢ test to find whether or not the mean gill weights (mg) differ
in the following two small samples of crabs from two habitats. (et = 0.05.)

Group 1 (XIJ + 100, 80, 75, 65, 75, 110, 95, 78, 92, 80.

Group 2 (X,) : 77, 63, 70, 68, 62, 55, 75, 70, 60, 60,

Critical  scores : fyp59y = 2.093; #5055, =2.101;

Yooy = 2262} Iygsm =2.306. :

Discuss the assumptions for chi square tests. Mention important properties
of chi squares. .
Describe, mentioning the relevant formulae, how to compute chi square for
goodness of fit and interpret it,
Work out chi square test to find whether or not the following observed
frequency (f) distribution of serum iron concentrations (ng/dl) in a given
sample of chimpanzees has a significant goodness of fit with the expected
frequency (f) distribution computed from the normal probability distribution.
(o = 0.05.)

Class intervals I A
101-110 J 4
111-120 10 10
121-130 12 15
131-140 18 20
141-150 s [ e 16
151-160 14 10
161-170 6 5
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Critical ¥* scores :  Xgosy =384 i osezy =599;

Laoss =782 Xbasce =949 Xaosesy = 1107,
6.(a) Describe how you would work out the chi square test of association and
interpret the computed chi square to draw an inference.

(b) Discuss the difference between the computations of degrees of freedom
for chi square test of association and different chi square tests for goodness
of fit.

(c) Out of 55 hypercholesterolemic cases, 25 suffer from hypertension wh:lu
out of 45 cases with normal serum cholesterol, 15 are hyperiensive. Use
chi square test to find whether or not there is a significant association
between hypercholesterolemia and hypertension. (o = 0.05.)

Critical %* scores ; x&m =384; os) =599,
2
Xoosn = 782; Xﬁmm =949; xﬁ.nﬂﬂ:”-ﬂ?.

4.11 Answers

1. (a) See Sub-section 4.7.1.
(b) See Sub-section 4.7.5.
(c) See Example 4.7.3.
2. (a) See Sub-section 4.6.1.
(b) See Sub-section 4.6.2,
(c) See Example 4.6.1.
3. (a) See Section 4.3,
(b) See Section 4.4,
(c) See Section 4.5,
(d) See Sub-sections 4.8.2 and 4.8.3,
(e) See Sub-section 4.7.2.
4. (a) See Sub-section 4.7.3,
(b) See Sub-section 4.7.1.
(c) See Example 4.7.1.
5.. (a) See Sub-section 4.8.1 and second paragraph of Section 4.8.
(b) See Sub-section 4.8.2.
(c) See Example 4.8.1.
6. (a) See Sub-section 4.8.3.
(b) See second paragraph of Sub-section 4.8. 3 and third
paragraph of Sub-section 4.8.2.
(c) See Example 4.8.2.
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Unit 5 [0 ANALYSIS OF VARIANCE
Structure :

5.1 Introduction

Objectives

5.2  Analysis of variance

53 One-way anova

54  Multiple comparison Scheffe’s F¥ test

5.5 Kruskal-Wallis nonparametric anova

5.6 Multiple comparison Mann-Whitney U test

3.7 Summary

5.8 Terminal questions

5.9 Answers

5.1 Introduction

For any experiment done with a sample to substantiate a specific idea cailed the
alternative hypothesis (H), the null hypothesis (H,) contends that the experimental
results have been obtained because of chances associated with random sampling,
would not occur on using the population instead of a sample, and are consequently
not significant, You have learnt earlier that Student’s ¢ tests may be performed to find
whether or not there are significant differences between sample means, In the present
unit, you will learn about analysis of variance (anova), Kruskal-Wallis test and multiple
comparison tests, which are more powerful alternatives to the  tests.

Objectives

After studying this unil, you should be able to do the following :

@ understand the importance of variances in biostatistics,

® know why the anova is preferable to f test,

® distinguish between different ways and models of anova, :

® learn about the assumptions for anova and judge where to apply the.latter,

® work out one-way anova by computing the F ratio and finding its significance,

® follow up a significant F ratio by working out omega square in model I anova
and added variance component in model If anovi,

@ follow up a significant ' ratio in anova for more than two groups, with Scheffe’s
F test for multiple comparison between chosen Eroup means,
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® work out Kruskal-Wallis nonparametric anova where assumptions for parametric
anova are not justifiable, and

® follow up a significant Kruskal-Wallis test with more than two groups, by
Mann-Whitney multiple comparison U test between chosen group means,

5.2 Analysis of variance

Y-:_au are aware that statistics like means and variances of the scores of a dependent
variable differ from group to group from the same population, owing to their varying
sampling errors, even when not affected by any independent variable. In addition, if
different groups are exposed to different levels (magnitudes, intensities, concentrations,
etc.) of an independent variable affecting the dependent one, statistics like the variance
of the latter would differ further between the groups than what may result from their
sampling errors, You have learnt earlier that Student’s ¢ test for differences between
group means may indicate whether or not such differences can be explained away by
the sampling emrors of the means, and may thus help in inferring whether or not the
group means differ significantly. In the present unit, a more powerful and widely
applicable test, viz., the analysis of variance (anova), will be offered for testing
simultaneously the differences in variances of the dependent variable scores between
two or more groups, exposed to different levels of independent variables, for inferring
if the dependent variable has changed significantly on exposure to the latter,

§,2.1. Variances in anova

You may recall that variance or mean square (s or MS) is the squared standard
deviation of scores of a sample from its mean, and serves as a better absolufe
measure of dispersion of the scores around the sample mean (see paragraph (b) of
Sub-section 2.6.3). It may be defined as the mean of squared deviations of scores
from the sample mean, i.e., as the mean of the sum of squares (S5), although it is now
usually worked out using the df instead of the sample size to minimize its downward
bias, particularly in small samples : §* = S§/4f = % (X-X)"(n - 1)..

_ Variances of different groups/samples, drawn initially from the same population,
possess homogeneity (homoscedasticity); they differ only to limited extents because
of random variations of scores in different groups and owing to their differing sampling
errors only, and function as estimates of the same population vaniance (6*). But if the
scores of different groups are affected by their subsequent exposure to different levels
of an independent variable, their variances become heterogeneous (heteroscedastic),
differing from cach other by far more than their differing sampling errors and behaving
now like estimates of parametric variances of different populations.

In the experimental data from two or more groups, the fetal variance {gr‘) is the
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variance of dependent variable scores of all the groups from their grand mean (),
The total variance may be computed from the total sum of squares {55,) which is the
sum of the squarc_{i-deviatinns, viz,, X (X, — X)?, of the scores (X,) of all groups from
the grand mean (X). Where N is the total number of scores or cases of all the groups,
| 55, 2}2(}(1-}?)2; 'ﬂl=ﬂﬂ"&ii df, =N-1

In an experiment, all the cases of a group are exposed to the same specific level
of independent variable while different groups are exposed to different specific levels
of the latter, Scores of each group differ from the mean (X)) of that group by their
respeclive error ferms, viz., {XI—-XJ.). because of random variation of each score from
the group mean, but not due to the effect of independent variable as all the cases in
a group are exposed to the same level of the latter. The within-groups variance
(s3) is the variance of dependent variable scores of all groups from their respective
group means and is worked out from the within-groups sum of squares (55 ), viz.,
2 (X, — X )*. Where k is the number of Zroups,

: i 7 _ 3§,
S5, = DX -XP5 s= gt AN~k

The between-groups variance (s7) is the variance of scores belonging to different
groups and is computed from the berween-groups sum of squares (55,). The latter is
worked out as the sum of the products of the respective group sizes (n) with the
squared differences between the respective group means (X) and the grand mean
(X). The between-groups variance may result from two factors, viz., random variations
of scores from their respective group means — given also by the within-groups
variance — and an added variance between the groups due to the: exposure of
different groups to different levels of independent variable. The added variance factor
would be absent from the between-groups variance if the independent variable has
not produced any change in the dependent variable scores,
2 _ S5,

58, = Ini( X, - X)*; S =i dfy=k-1

Anova resolves the total variance (s7) into the between-groups variance (s7)
and the within-groups variance (s?) by_' partitioning the total sum of squares (55)
into the between-groups sum of squares (S5,) and the within-groups sum of squares
(5S,). The variance ratio (F ratio) is then computed using s? and 52, : . The computed
F is then compared with the critical F value (F,_) for a chosen significance level (o),
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for finding whether or not there is any significant difference between the groups (see
Sub-zection 5.3.3).

b
F=2%: df of F ratio:df,, df, =k—1, N-k.

' Inference is made as follows :
(i) if computed F = F ., P=<qand Hﬂ is rejected;
(ii) if computed F < F.. P>oaand H is retained,

5.2.2. Reasons [or preferring anova

S0 long as the assumptions for anova are justifiable, the latter should be preferred
to Student’s 1 test and its alternatives for finding the significance of difference between
group means, because of the following reasons, (i) Anova can be applied af a time
lo any number of groups, two or more, (o search simultaneously for any significant
difference between any or all pairs of groups. (i) A significant F ratio in anova may
be followed up by working out either the strength of association between dependent
and independent variables in model I anova, or the added variance component in the
between-groups variance in model II anova. (jii) Because of its strong assumptions,
anova is much more powerful than ¢ test and its other alternatives. (iv) Iis strong
assumptions require meticulous pre-planning and scientific designing of the experiment,
which eliminate many experimental errors,

5.2.3. Classes of anova

According to the number of independent variables in the experiment, different
classes or ways of anova are to be used with respéctive experimental designs, statistical
treatments and interpretations. (i) A one-way anova is applied if the effect of a single
independent variable is being investigated, For example, a one-way anova would be
worked out to explore the significance of difference in the tracheal ventilation of two
groups of grasshoppers wreated with two respective levels of a pesticide, the lauer
being the only independent variable in this experiment. (ii) A fwo-way anova has
to be used if the groups are exposed to combinations of two different independent
variables. For example, a two-way anova is undertaken for the difference in serum
Ca levels of three groups of hermit crabs administered three respective levels of
combinations of two independent variables, viz., doses of parathormone and growth
hormone. (iii) A three-way uf unova is used where three independent variables have
been applied on the groups under study.

5.2.4. Models of anova

Three alternative models of anova are chosen from, according to the natures of
the independent variables. (i) Model I or fixed model anova is applied to explore the
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significance of change in a dependerit variable, when exposed to the chosen levels
of one or more fixed experimental treatments. For example, a one-way model I anova
13 undertaken for the change in tracheal ventilation of locusts on administration of
three chosen levels of an insecticide whose application is strictly under control of the
investigator. In this model, a significant F ratio indicates the existence of a cause-
effect relationship between the dependent variable and the fixed experimental treatment,
and enables the working out of the strength of association between the two variables,
(ii) Model If or random model anova is used when the dependent variable is deemed
to be affected by one or more random variables beyond the control of the investigator,
For example, a one-way model Il anova has to be used to explore the difference in
blood hemoglobin concentration between the two sexes, because sex is a variable
beyond the control of the investigator in this experiment. Cause-effect relation and
strength of association cannot be explored here between the two types of variables,
because the independent one suffers from random errors beyond the control of the
investigator. Instead, an added variance component may be worked out as a follow-
up of a significant F ratio in a model I anova, Similarly, a two-way madel I anova
is used for changes in blood thyroxine level on exposure of the groups to changes
of both atmospheric temperature and humidity. (iii) Model [T ot mixed model anova
is applied when exploring the change of a dependent variable in the groups exposed.
to chosen levels of a fixed experimental treatment and different levels of a tandom
variable at the same time. An example is the fyo-way model Il anova for change in
arterial O, tension on exposure to the fixed chosen levels of O, tension in inhaled gas
mixture and the prevailing blood hemoglobin concentrations of the subjects — ithe
Po, of inhaled gas mixture and the blood hemoglobin are respectively fixed treatment
and random variables.

5.2.5. Assumptions for anova

Numerous rigorous assumptions for anova make it more powerful as a test and
also serve to decrease experimental errors by requiring a well-planned experimental
design. . y :

(a) Each score of the dependent variable — stated otherwise, each error term Pf
the latter — should occur at random in any group obeying the laws of probability,
to ensure that the groups are representative of the population,

(b) Each error term should occur in the group, independent of the occurrence of
any other error term in it, ' '

(c) Error terms of the dependent variable should have a normal distribution in
. the population.

(d) Initially, all the groups to be used in the experiment should have homogeneous
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variances or homoscedasticity to ensure that the group variances are different estimates
of the same population variance,

(¢) To avoid the order effect of application of the independent variable, different
levels of the latter should be applied to different cases or individuals of the sample/
group in randomiy varying orders instead of an identical sequence.

(f) The total variation of any score of the dependent variable should arise from
the additivity of its numerous variations owing to various factors including random
relevant variables and the independent variable. This justifies the partitioning of the
total sum of squares into its components like between-groups -and within-groups
sums of squares during anova,

5.3 One-way anova

One-way anova is worked out for testing the significance of change in a dependent
variable on exposure of the groups of cases to different respective levels of a single
independent variable. Computation and interpretation of a one-way anova depend on
the number of groups, i.e., on the number of levels of the independent variable used
in the experiment, and also on the model of the anova, i.c., on the nature of the
independent variable. You should recall that the number of groups used in an
experiment corresponds to the number of levels of the independent variable, because
cach specific level of the latter would be applied to all the cases of a particular group
only. Moreover, a one-way anova may belong to either model I if the independent
variable is a fixed experimental treatment under the investigator's control, or model
L if the independent variable is beyond the control of the investigator and suffers
from random changes. g

A one-way anova is worked out in the following steps.

(a) First, sums of squares are partitioned and used in working out the respective
variances and their ratio (F ratio); the latter is compared with a critical F value for
significance.

(b) If the computed F tums out to be significant, the next step is to work out
“either the strength of association in case of model I anova, or the added variance
componen! in case of model I angva.

(c) If the number of groups exceeds two in the relevant experiment, the next step
is a multiple comparison test to find whether or not there is any significant difference
between the means of every chosen pair of groups. .

5.3.1. Partitioning of sums of squares
To partition the total sum uf‘ squares (5S) into between-groups and within-
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groups sums of squares (55, and 85 ) in a one-way anova with k number of groups,

having n , n,, ., .......n, as the respective group sizes, Xy Xy X, 88 the respective
group scurcs. XX i X ,+ a8 the respective group means, am:l X as the grand
mean

N=n+n+..+n, X= Exi"‘m;:...ﬁzxk '

88 =2(X, ~ X + (X, - X) ... 45X, -
(EX, + EX +.....+ZX, )
- ;

or, 88, =EX{ +IX]+...... +EX] -
df, = N =1.

58, = (X, = X) +ny (X, — XYook n (X, - B2,

EX) | (GX)' (@X)T (B 3K+ AR, ) ‘

S8, = -

ar, n, n, n, N
df, =k—1.

58, =X, = X)" + Z(X, ~ X))+ AT(X, - X))

- or, §S,=585,-55,. df,=N-k

5.3.2. Computation of variances and F ratio

Between-groups and within-groups variances (s7 and 5’) are next computed by
dividing the respective sums of squares by their degrees of freedom, The within-
groups variance (s2) is used as the error variance in one-way anova to work out the
F ratio.

a S8 S S8 88 5

YUl k= T s Aok Pl
df of F:df,, df, =k-1, N—k. -

5.3.3. Significance test of computed F

The H, proposes that the computed F is not significant, has resulted from the use
of a sample drawn by random sampling, and would not differ significantly from 1,00
if the entire population is used for the experiment.

To test the significance of the computed F, the latter is compared with the
critical F¥_ value (df : k— 1, N — k) for a chosen level of significance. If the computed
F either excecds or equals the critical F_, the probability (P) of the H_heing correct
is considered too low (P < 0), the H is rejected and there is some significant
difference between the group means; in other words, there is a significant added
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variance between the groups, which is not present within the groups. But if the
critical F_ exceeds the computed F value, P exceeds o and there is no significant
difference between the group means. (See Example 5.3.1.)

Example 5.3.1.

Work out a one-way anova to find whether or not there is any significant difference

between the mean tracheal ventilation scores (ml/minute) of the following two groups
of locusts from two different habitats, (o = 0.05.) '

Group 1 (X)) : 75, 78, 80, 75, 81, 85, 82, 78, 80, 86.
Group 2 (X)) : 71, 72, 70, 70, 73, 74, 73, 65, 70, 82.

Cﬁti’cal F SCOISs 'F;]-ﬂﬂirwl.i =352 = ﬂ-uﬁﬂ."} =44 I:

Fyosaney = 4.38; Foosam =355,
Solution :

N =n,+n, =10+10=20.
g 2 I Z
55,27 23 - A _ 1 oy BO0ITO7_ g,

A2 2 2 7 2 1
55, = XD (BX)' (X, +3X,)" _800° 720 _ (800+720)° _

n, n, N 10 10 20 L
df,=k-1=2-1=1,
53, =85, -85, =612-320=292.  df, =N-k=20-2=18
Table 5.1. One-way anova between two groups.
X X, X, X,
75 71 ; 5625 5041
T8 72 6084 5184
80 70 6400 4900
75 70 5625 4900
81 73 6561 5329
85 74 7225 : 5476
82 73 6724 5329
78 65 6084 4225
80 70 6400 4900
| 86 82 7396 6724
2 800 X 720 ] 64124 52008




285 30 00 2255 _292_ .0, F_fz-_ﬂ—lg?a

jn o ]
TR Y, 18 21622
dfof F: k-1, N-k=1, 18, Cnﬁca! Fomsam = 441
As the computed F is higher than critical F, ., P is 100 low. So, H_is rejected,

Hence, there is a significant difference between the group means (P < 0.05),

As the independent variable, viz., habitat, i a random variable beyond the
control of the investigator, the added variance component (s')is computed, (See
Sub-section 5.3.5.) Using the identical size (1) of each group,

si—s  320-1622
n 10
Therefore, an added variance component of 30.38, absent wiuun the groups,
occurs between the groups.

5.3.4, Strength of association

If the preliminary F test yields a significant F. ratio and the anova undertaken
belongs to model I using a fixed experimental treatment as the independent variable,
then the strength of association has to be worked out between dependent and
independent variables as the omega square (@), irrespective of the anova being
worked out for two or more groups. Using the number (k) of groups in the ;xpenment
the total (N) of all the group sizes and the computed F value,

o? = K-D(F-1)
N+(k=1(F-1)

Omega square is not to be computed if the F ratio turns out to be not significant,
or if a model II anova is being done, (See Example 5.4.1.)

5.3.5. Added variance component

In case a model 11 anova yields a significant F ratio, the added varignce component
(s’) has to be worked out, irrespective of the anova being worked out for two or
more groups, It serves as an estimate of such variance due to random variable(s) as
is a part of the between-groups variance (s;), but not a part of the within-groups

n=10; = =3038,

variance (s2). When all the groups have an identical size (n),

g

I

(] H i
[
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If the F ratio is not significant, or if a model I anova has been undertaken, s
is not to be computed. (See Example 5.3.1.)

5.4 Multiple cumparisuh Scheffe’s F test

In case of a one-way anova with more than two groups (k > 2), a significant FF
ratio has to be followed up by a multiple comparison test to find whether or not the
means of two groups of each chosen pair differ significantly. The multiple comparison
test has to be worked out separately for each chosen pair of groups and has, therefore,
to be repeated as' many times as the number of chosen pairs. Multiple comparison
tests need not be done if the F ratio has turned out to be not significant, or if the one-
way anova has been undertaken between only two groups. Frequently, cither the ¢ test
or the F test of Scheffe is carried out for multiple comparison. Multiple comparison
Scheffe’s F 1est, more powerful and preferable of the two, is briefly described below.

For Scheffe's F test between the means (X, and X,) of groups 2 and 3, for
example, the standard error of difference (5y,_g, ) between those means is first worked
out using the within-groups variance (s*) computed in the earlier preliminary F test,
The squared SE of difference is then used in transforming the squared difference
between the means into the Scheffe’s F score.

Ry

The computed Scheffe’s F is then compared with the critical £ value for the
chosen level of significance; the critical 7, has to be worked out in turn from the
critical F, value as follows. Where k is the number of groups,

Fo =k=DF0 -1 -

Only if the mmﬁulad Scheffe’s F exceeds or equals the critical ,'tﬁr. probability
P of the H_ being correct is considered too low (P < o), the H_ is rejected, and the
two means being tested are considered to differ significantly. (See Example 5.4.1.)

Example 5.4.1.

(a) Work out a one-way anova to find whether or not there is a significant |
difference between the mean tracheal ventilations (ml/minute) of the following group
of cockroaches, treated with three different levels of a pesticide. (o = 0.01.)
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(b) If the preliminary F test shows significant differences, find whether or not
the means of the first and second group differ significantly, (ot = 0.01.)

Animal: 1 2 3 4 5 6 7 8 9 10
X,ml: 90 120 S0 120 80 97 100 97 130 86
X,ml: 55 70 54 68 35 60 60 58 80 40
X,m: 28 30 25 35 15 30 38 28 S0 21

Critical F values : Fu.‘mu.“} =5.53; Prﬂ.ﬂl{'l,!'l’] :5.49;

F, umul..:sr =545, F,pi09 =418, Fomasy =422,

Solution : _
| Table 5.2. One-way anova between three groups.
X X, Xy X, X3 X5
| 90 55 28 8100 3025 784
120 70 30 14400 4900 900
90 54 25 8100 2916 625
120 68 35 14400 4624 . 1225
80 35 15 6400 1225 225
97 60 30 9409 3600 900
100 60 38 10000 3600 1444
97 58 28 9409 3364 784
130 80 50 16900 6400 2500
86 40 21 7396 1600 441
¥ 1010 580 300 104514 35254 9828
N= n,+n,+n,_1u+1n+1u 30. X, <2 1000 o0
" 10
fz-;g.i'_:.iﬂ-:ﬂﬂ. ;f::g!___?'_ﬂg—gn_u
n, 10 n, 10
S5, =ZX? + EX? + EX? - {m'*'zi, Xy +2Xy)
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d
or, S5, = 1045|4+35154+93_23~(mm”;?”m) 30526,

1 n2
s = 8K GX)_ (FX)

5> (Ex1 +in + EXJ]I
n, n, my

N
_1010" 580" 300" (1010+580+300)"

10 10 ' 10 I
df,=k—-1=3-1=2.

SS,, = 58, = 58, = 3052625580 = 4946, df, = N—k=30-3=27,

2 S5, 25580 1 _ S8, _ 4946
=10 27 = 12790, = """ _18319.
N 2 YR ool
2
st 12790
sl o B L F-:df, =32, 27
< =610 6982. df for F: df,, df, =2,27
Critical F, .. =5.49.

0ouIn

As the computed F exceeds the critical F, P is too low (P < 0.01). So H_ is
rejected and there are significant differences between the group means

Because the independent variable, viz., chosen levels of the pesticide, is a fixed

_ treatment variable, omega square is computed for the strnnglh of association between
the dependent and independent variables.

o? = k= DF-1)

__(3-1)(6982-1)
N+(k—1)(F-1)

30+ (3-1(6982-1)

Thus, 0.82 proportion of the total variance of the dependent variable is associated
with the independent variable,

As the preliminary F test yielded a signifiﬁ:am F score, the difference (X, — X,)
is subjected to the multiple comparison Scheffe’s F test to find its significance

2 z
s s_,,+s_,,=J133.19+ 18319 _ coen
e 10 10

5 iy 156 3
F=(x11—x2) _ (1010 51&13] T
sy, 6053
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Foor = (k= 1) Fooyay, ary = 3= 1D Fo o2, 1m
= (3-1) X 5.49 = 10.98.

- As the computed F exceeds the critical f, ., P is too low. So, the H _is rejected
and there is a significant difference between X, and X, (P < 0.01),
Example 5.4.2.

Work out a one-way anova to find whether or not there is a significant difference

‘between the blood sugar scores (mg/dl) of a group of alloxan-diabetic monkeys
treated with two different levels of a hypoglycemic agent. (o = 0.01.)

Animal : 1 - SR SR N R 10
X mg : 160 180 200 170 197 220 162 180 201 190
X,mg: 110 140 160 125 162 168 120 135 185 165

Critical F values : F;]Im{z.]g] =5-93: Fﬂ,{llcl.:.g} =8.18.
FD;D!“,IE} - E"ZE.I FD-OI{I.IE} = &Ul ¥

Solution ;
Table 5.3. One-way anova between two groups.
X, X, b2 X3
160 110 25600 12100
180 . . 140 32400 19600
200 160 40000 25600
170 125 28900 15625
197 162 ' 38809 26244
220 168 48400 28224
162 120 36244 ' 14400
1800 135 32400 18225
201 185 40401 34225
190 165 36100 27225
Y 1860 1470 349254 221468
N=ﬂI +n,= 10+ 10 = 20.
SS, = X2+ X2 ~%%zi—1’z=349254+2214ﬁa~@2f}—w=15m.
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(5%} (BX,)* (ZX,+EX,)* 1860° 1470% _ (1860+1470)?

S AYES — LA

S il N 0 7710 20 - 605
dfy=k-1=2-1=1.

§S,, =85, 88, =16277~7605=8672. df, =N —k =20-2=18,

., 8S, 7605 . 85, 8672
=20 TP 7605 si=ttea2lE gy
== L= 8178
st _ 7605
L/ =1579. df of F : df,, df, =1,
T s 48178 o G Ay =118

W

Critical Fyg,0,15y = 8-28.

As the computed F is higher than critical Foon P < 0.01. So, H, is rejected and
the group meang differ significantly,

Because the independent variable consists of chosen levels of a hypoglycemic
agent, it is a fixed treatment variable. So, omega square is computed as the measure
of the strength of association between the dependent and independent variables.

e (k-I(F-1) _  @=-D{1579-1) _
N+k-1)(F-1) 20+(2-1)(1579-1)

Thus, 0.43 proportion of the total variance of the dependent variable is associated
with the independent variable,

5.5 Kruskal-Wallis nonparametric anova

Kruskal-Wallis nonparametric anova is a rank-dependent one-way anova for two
or more groups. It is a useful alternative to the parametric method of one-way anova,
with few assumptions, wide applications and easy computation. It can be used when

the assumptions for the parametric anova are not justifiable. But it is less powerful
than the parametric anova.

5.5.1. Assumptions for Kruskal Wallis anova

Being a rank-dependent method, Kruskal-Wallis anova may be worked out for
ordinal variables, and also for continuous or discontinuous variables, after ranking -
the cases of the groups in a composite manner (see Sub-section 5.5.2). Following
assumptions should be justifiable for computing the Kruskal-Wallis H, (i) The
dependent variable should be either an ordinal variable with the cases of the groups
alrcady expressed in ranks, or a continuous or discontinuous measurement variable
whose scores can be cunvcm:d into ranks. (ii) Bach score/rank or its emor term
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should occur at random depending on laws of probability and independent of all
other scores/ranks or error terms, (iii) No assumption is needed for the continuous
nature of the variable. (iv) No assumption is necessary for thie normality of distribution
of its scores or error terms. Kruskal-Wallis test connot be applied to nominal variables
as ranks cannot be given to them. Moreover, this test is less powerful than the

parametric anova and should, therefore, be used only if the assumptions for the latter
arc seen not to be justifiable.

5.5.2. Computation of Kruskal-Wallls H

Ranks are first given in an ascending order and a composite manner to the scores
or ranks of all the k number of groups taken together. Even if the variable is an |
ordinal one with the cases already ranked separately in each group, [resh composite
ranking must be done again taking all the groups together. Identical scores, whether
occurring in the same group or in separate groups, conslitute a fied sef, each member
of a tied set is given an average rank identical with the arithmetic mean of the ranks
the tied cases would have got if they were separate consecutive scores. Moreover, the
case cormng next to a tied set is given that rank which it would have got if it
followed a separate untied case, You may realise that Kruskal-Wallis anova would be
less powerful and more prone to error because of (i) the average rank given to the

cases of each tied set, and (i) the unequal differences between successive scores
ranked consecutively.

After the composite ranking of the cases of all the k number of groups takén
together, the ranks given to each group arc totalled separately to give the rank sum
of the corresponding group (e.g., R, R,, ..... R)). Each rank sum is divided by the size
(s i) of that group to give the mean rank s Bopy mrase Y OL ﬂm.lattn_r;
the grand mean (R) of all the groups is worked out dividing the total of alf the rank
sums by the total size (N) of all the groups. These values are then used in working
oul the statistic H.

N=t 4nttn,. B=t: B =B g8
ny y y
g=RBtRt. . 4R
e N
Heoil = [m(R, — Ry +nm (R —R)+............... +m (R, —R)*],
NN+ :
df =k-1,

The H, proposes that the computed H is not significant and has resulted from
chances associated with random sampling using laws of probability. To find the
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probability P of this H, being correct, the computed H is compared with the critical

%% with the computed df and for the chosen o. The computed H is considered
significant, only if it either exceeds or equals the critical %? (P < ). A significant
H indicates the existence of significant difference between the group means, The
Kruskal-Wallis anova for only two groups ends here, But if the anova is worked out
with more than two groups, a significant H has to be followed up by the multiple
comparison Mann-Whitney U fest to explore the significance of difference between
the groups of each chosen pair. (See Examples 5.5.1 and 5.6.1.)

Example 5.5.1.

Apply Kruskal-Wallis anova to find whether or not there is a significant difference
between mean corpuscular hemoglobin scores (picograms) of a group of microeytic
anemia patienis (Group 1) and a group of macrocytic anemia patients (Group 2). (o
= 0.05.) '

Growp 1 (X): 23 18 19 17 25 20 32 22 133 16

Group2 (X,): * 32 35 25 28 34 32 30 31 40 42

Critical chi square scores ! Xousas = 3014 Xgosaw = 2887;

x:.nsm = 384, x::l.i.ﬂlll =399
Solution : :
Table 5.4. Composite ranking for Kruskal-Wallis anova between two groups.

X Ranks o X Ranks
23 7 32 14
18 3 35 18
19 4 25 8.5
17 2 28 10
25 8.5 . 34 17
20 5 32 - 14
32 14 30 11
22 6 ' 3] 12
33 16 40 19
16 1 42 20

z - 66.5 (R,) - 143.5 (R))
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m=10, n,=10; N=pn +n,=10+10=20,

R =665; R,=1435 R =2 865 _cco Ro=2=13_ 1,5
f, 10 H, . 10
R=St% 665+1435 10.50.
N 20

H=— 2 [n(R ~RY +n (R, - RY]

NN+l B0 e

= X2 110(665-1050)" + 1001435 1050)?] = 8.47

2020+ - 7o
df:k—] =2—I-'—.'11
Kﬁmm =384, |

As the computed H exceeds the critical Xoosr P 18 100 low (P < 0.05). So, H

is rejected and there is a significant difference in MCH between microcytic and
macrocytic patients,

5.6 Multiple comparison Mann-Whitney U test

This is a rank-dependent test used as a powerful alternative to Student’s 1 test
between two groups, and also as a-multiple comparison test between the groups of
each chosen pair after a significant & test with more than two groups (k > 2),

Assumptions, applications and inaccuracies of this test are similar to those of the
Kruskal-Wallis [ test.

For a multiple comparison test between two chosen group means (say, X, and
X o) Tanks are given in an ascending order and a composite manner 1o the scores of
both the groups taken together, and rank surms (R, and R) of the respective groups
are worked oul separately. The rank sum and the group size (n, or n,) of any of the
groups are used in computing the corresponding statistic &/, Thus,
mm ) o

1w

u, =..+i.r:1 I

{";_'l'_l}' _'

or, U: = nl"}! + - R;.
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The U, expected in terms of the H_, and the SE (s,) of U are computed using °

the group sizes. These are in tum used i in transforming either. U, or U, into the z

sCOIe,

i) I (4 1)
. U =11, J;*”:‘!n"r'l"I AL "

T 12
u,-u U,-U
5= l.ru €. or z2=_2-5'u £,

Either of the two z scores, identical in .mEQMWde but opposite in algebraic sign,
may be uscd in finding the probability P of the H being correct,
P =2 [0.5000 - (area of unit normal curve from |J.'m the computed z)].

Only if the P thus worked out does not exceed the chosen level of significance
(ot), P is considered foo low (P < «) and there is a significant difference between the
relevant group means. (See Example 5.6.1 }

Example 5.6.1,

(a) Apply Kruskal-Wallis anova to find whether or not there is any. significant
difference between the mean knee-jerk scores (degrees of arc) of the following three
groups of rhesus monkeys from three different habitats. (o0 = 0.001.)

Group 1 (X)) : 33, 37, 31, 34, 33, 29, 30, 35, 32, 28, 27, 36.
Group 2 (X)) : 27, 22, 18, 28, 23, 25, 28, 21, 20, 19, 24, 19,
Group 3 (X)) : 18, 16, 14, 10, 11, 18, 12, 15, i3, 17, 14, 9.

Critical chi square values : ot =1627; ¥ ooony =138
ZJﬂMIm =5070; xZM|m =5830,

(b) In case the Kruskal-Wallis H is significant, work out Mann-Whitney multiple
comparison [/ test to find if there is any significant difference between the mean
knee-jerks of groups 2 and 3. (o = 0.001),

7 SCOTes v 31.60 3,70 3.8(1_ 3.90 4.00
Arcas of _ ' -

unit normal curve ; 0.4998 _ 04999 049993 0.49995 049997
Solution : :

mo=12 m=123 m=12; N=n +ntn=12412+12=36
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Table 5.5. Composite ranking for Kruskal-Wallis anova between three groups.

X Ranks X, Ranks X, Ranks
33 31.5 27 22.5 18 12
37 36 22 18 16 9
31 29 18 12 14 6.5
34 33 28 25 10 2
33 31.5 23 19 - 1 3
29 27 25 21 18 12
30 28 28 25 12 4
35 34 21 Al 15 8
32 30 20 16 13 5
28 25 19 14.5 17 10
27 22.5 24 20 14 6.5
16 35 19 14.5 9 =it
r - 3625 R) — 224.5 (R,) = 79.0 (R)
R, =13625; R,=2245, R,=790.
R= 23623 _ 409y, Ry=Re 25 _ gy, R=22-199_ ¢,
n 12 n, 12 n, 12
i (Rt R+ Ry) _ (3625 + 2245 4 790) _ S8R50
N 36 :
= ----—-l—if----—1n1(ﬁ, ~R) +my (R, ~ RY +n,(R, - R)*]
N(N+1) '
= _[12(3021-1850)" + 12(1871~18.50)" +12(6.58 ~ 1850)"]
36(36+1) |
=30.19.

df =k-1 =3-1=2_
Critical % g1y = 1382, |
Because the computed H is higher than the critical Looor» P 15 too low

(F < 0.001). So, the H_is rejected and there are significant differences between the
means of the three groups.

As there are more than two groups, Mann-Whitmey U test is undertaken to test
the significance between X, and X, (Table 5.6).
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Table 5.6. Composite ranking for Mann-Whitney test.

X, Ranks X, : Ranks
27 22 .18 12
2, = I 16 9
18 12 14 6.5
28 235 10 ;]
23 19 11 3
25 21 18 12
28 23.5° o 4
21 17 15 8
20 16 13 5
19 14.5 17 10
24 20 14 6.5
19 14.5 9 1
)i — 221.0 (R,) — : 79.0 (R)

After the composite ranking of all X, and X, scores of the two relevant groups
in Table 5.6, the rank sums (R, and R,) of the respective groups arc worked out and
used along with the group sizes (n, and n,) for mmpuimg either of two respective
U scores.

1y (ny +1)

=nzn,+T—R1=12x12+M

-2210=10, or

12(12+1)

U, =n,n;+'—15'£%+—n R, =12x12+ 2 ~79.0=1430 .

U and s, are then computed and used along with either U, or U, to work out
- the z score. % : '

u‘:ﬁn]:llxlz =720, 5, Jn,n,(uﬁn,ﬂ) [2x12(12+12+1) _ o0y
2 12
_u,-u, _10- 72.0

LT =410, - of
5y 1732

U,~U, 1430-720

Htee =4.0.
= 17.32
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Any of the two computed z scores is used for finding the significance, ignoring
any negative sign of z. Because the computed z is higher than even 4.00, the probability
P of the correctness of H, is worked out as follows.

If the computed z were 4.00, P would have been lower than 0.000] .

£ =12 [0.5000 ~ (area of unit normal curve from L to the z score of 4.00)]
= 2[0.5000 — 0.49997] = 0.00006.
Because either computed z amounts to 4. 10, the corresponding P would be lower

than 0.00006 and so, much lower than the chosen o of 0,001, So, the H_ is rejected, °
Hence, there is a significant difference between ¥ ,and X, (P << 0.001),

5.7 Summary

Anova is used to test the significance of difference between the group means of
a dependent variable, on exposure of two or more groups of cases to the levels of
one or more independent variables. It has more rigorous assumptions and higher
power than Student’s f test and can be applied at a time to two or any higher number
of groups. Anova may be one-way, two-way or of a still higher order according to
the number of independent variables, and model 1, model 11 or maodel IT] ‘according
to the nature(s) of the latter,

In a one-way anova, the total variance of scores of the dependent variable is
resolved into between-groups and within-groups variances, and the F ratio of those
two variances is compared with critical F values for different levels of significance
to find whether or not the group means differ significantly. A significant F ratio in
4 one-way anova for more than two groups is followed up by multiple’ comparison
Scheffe’s F test to find whether or not the means of groups of any chosen pair differ
significantly. A significant F ratio is also followed by the working out of either the =

omega square in a model I anova, or the added variance component for a model IT
anova,

Where the assumptions for one-way parametric anova are not justifiable, Kruskal-
Wallis nonparametric rank-dependent anova may be undertaken. If this test yiclds a
significant statistic H, and if it involves more than two groups, Mann-Whitney multiple
comparison U test is used for testing the significance of difference between the
means of any two chosen groups.

5.8 Terminal questions

I. (a) State the assumptions for Kruskal-Wallis ofne-way anova.
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(b)

(c)

2. (a)
(b)
(c)

3. (a)

)

(e)

4. (a)
(b)
- (0)

Describe how you would rank the scores of a measurement variable and
work out Kruskal-Wallis anova for two groups.

Work out Kruskal-Wallis anova to find whether or not there is a
significant difference between the tracheal veritilation scores (ml/min)
of the following groups of locusts. (o = 0.05.)

Group 1 : 73, 76, 86, 76, 83, 78, 73, 79, 78,
Group 2 : 70, 69, 73, 65, 63, 69, 76, 60, 62, 66, 67.

Critical chi square scores : ¥ oos =599; % o0sny = 384;

¥ omas =3004; X ocsum =2887.

Explain what you understand by one-way anova and madel 1 anova.
Discuss the assumptions for anova,

Work out a one-way anova to find if there is a significant difference

between the mean wing length scores (mm) of the following groups of
houseflies from two different habitats. (o = 0.01)

Group 1 : 4.8, 4.6, 5.4, 4.6, 5.3, 47, 4.8, 5.0, 5.2, 5.0,

Group 2 : 3.8, 3.0, 3.3, 4.1, 3.7, 40, 3.9, 35, 4.3, 3.8,

Critical F values : Fogau0 =593 Fopaum =828
Foouaam =00L Fooe = =818.

Write bneﬂ}' about the uses and computations of omega squam and
added variance component.

Describe briefly the variances involved in a one-way anova and their
partitioning and uses, mentioning the relevant formulae.

Using the data of Question 1 (¢), work out a one-way anova to find
whether or not there is a significant difference between the given tracheal

ventilation scores of the two groups of locusts, exposed to two different
fixed levels of amobarbital, (o = 0.05)

Cﬁllcal F \"al'l.ll.‘.s . Fﬂ.ﬁﬂz.‘?] = 3'52: ! Fﬂ.ﬂ”.ls—.'! =4*4 l:
Fﬁ.n}u.lﬂ =438, .

State the reasons for preferring anova to [ test.

Describe different models of anova with examples.

Using a one-way anova, find whether or not there is any significant
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(d)

5. (a)

®)

(c)

difference between the following blood sugar scores {(mg per 100 ml)

of a group of diabetic orangutans treated with three different levels of
a postulated antidiabetic agent, (o = 0,01).

Animal : 1 2 3 4 5 6 7 8 9 10
X, mg : 165 192 185 170 200 197 220 180 210 201
X,mg : 120 165 140 125 160 162 178 150 163 157
X,mg : 85 120 95 87 123 120 135 115 130 120

Critical F values :  Fygqm, = 549; Foam =545,
F aotqz = 108,

If the computed F is found significant, work out Scheffe’s F test to find
whether or not there is a significant difference between the mean blood
sugars of groups 1 and 3 in the preceding experiment. (ot = 0.01),
Describe briefly Scheffe’s multiple comparison F test, quoting its
computational formulae, '

Give an account of how you would work out the Mann-Whitney U test
and find the significance of the computed U, stating the relevant formulae,
Using the data of Question 2(c), work out the Kruskal-Wallis anova to

find if there is any significant difference between the given wing length
scores of the two groups. (o = 0.01)
Critical chi square values : Y5010 =921, % o011y = 6.64

C]
L]

lemum; =3619, % noum =3480.

5.9 Answers

1. (a) See Sub-section 5.5.1.
(b) Sec Sub-gection 5.5.2.
(c) See Example 5.5.1, -

2. (a) See Sub-sections 5.2.3 and 5.2.4.
(b) See Sub-section 5.2.5.

. (c) See Example 5.3.1.

3. (a) See Sub-sections 5.3.4 and 5.3.5.
(b) See Sub-sections 5.2.1, 5.3.1 and 5.3.2.
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(c) See Example 54.2.

4. (a) See Sub-section 5.2.2.

(b) See Sub-section 5.2.4.
(c) See Example 5.4.1.
(d) See Example 5.4.1.

. (a) See Section 5.4.

(b) See Section 5.6.
(c) See Example 5.5.1,
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Unit 6 (0 CORRELATION AND REGRESSION

Structure

6.1 Introduction
Objectives
6.2 Correlation
6.3 Product-moment correlation
6.4 Kendall's rank correlation
6.5 Partial correlation
6.6 Moulliple correlation
6.7 Regression
6.8 Simple lincar regression
6.9 Multiple regression
6.10 Summary
6.11 Terminal questions
6.12 Answers

6.1 Introduction

You are aware that any system— be it an organig$m, a cell, an organelle, a tissue,
a body fluid, a body cavity, a space, a waterbody, a farmland or a forest— contains
or consists of innumerable variables. Between two or more variables in a sfsu;m.
there may exist different types of relations or associations. In this unit, you will learn
to explore and assess such associations between variables in any system. You will
also come to know here how the likely value or score of one such variable may be

mathematically predicted by measuring the Sﬂﬂra(s} of one or more other variables
associated with the former one.

Objectives

On studying this unit, you should be able to do the following :
® understand what is meant by correlation and know its different types,
® describe the general properties of cormrelation,
® understand the assumptions for product-moment correlation and its applications,
® describe the properties of product-moment
® work out product-moment r between two given variables and find its significance,
® understand where Kendall's rank correlation should be used instead of product-

114



moment r,

® compute Kendall's fau between two variables and find its significance,

® know when and how partial and multiple linear gorrealtions are worked out
and their significances arc found out, :

® understand what is meant by regression and know its different types and models,

® describe the assumptions and properties of simple linear regression,

® work out simple linear regression for predicting the score of one variable on
the measured score of another, and

® know when and how to work out multiple linear regression of one variable on
the combination of observed scores of two or more other variables.

6.2 Correlation

Correlation is the quantitative estimation and numerical expression of the
magnitude or strength as well as the algebraic sign or direction of the association
between two or more variables in a system, The correlation coefficient serves basically
as a measure of the intensity or degree of association between the variances (Sub-
sections 2.6.3 and 5.2.1) of jwo or more variables in the cases of the sample, while
its algebraic sign is the indicator of whether those variables vary in the same
direction or in opposite directions, The correlation coefficient is the sample statistic
for correlation and ranges from —1.00 to +1.00 in value.

6.2.1. Types of correlation

Correlation may be simple or multiple, according as it is computed between two
variables or more than two variables. For example, there may be a simple correlation
between trunk length and wing length in a sample of cockroaches ; on the contrary,
there may be a multiple correlation between oxygen consumption and the combination
of atmospheric oxygen tension and tracheal ventilation volume in a sample of locusts,

Correlation may again be linear and nonlinear, according as the relation between
the variables conforms to a straight line equation and a linear graph, or follows the
equation of a curved line and a nonlincar graph. For example, there may be a simple
linear correlation between body weight and gill weight in a sample of fishes ; but
the initial velocity of an enzyme action and the corresponding substrate concentration
may have a simple nonlinear correlation, conforming to a rectangular hyperbola,

Correlation may also be either positive or negative, If high scores of a variable
are mostly accompanied by high scores of another variable while low scroes of one
are usually associated with low scorss of the other, the two variables are varying in
the same direction and are said to bear a positive correlation with each other ; an
example is the positive correlation between body height and body weight in many
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samples. But 1f high scores of one variable are mostly acco?npanicd by low scores
of another variable while high scores of the latter are usually associated with low
scores of the former, the scores of the variables are usually varying in opposite
directions and the variables bear a negative correlation with each other : for example,
a negative correlation exists between blood sugar level and blood insulin level in
animal samples. '

While the magnitude of correlation is expressed numerically, ranging from
-1.00 to +1.00, the algebraic +/- sign preceding the numerical value indicates whether
the correlation is positive or negative.

6.2.2. Properties of correlations

General properties of comrelations are summarized below. (i) A correlation
coefficient worked nut with a sample drawn from a population would hold good only
within the limits of the particular stratum or class of the population from which the
sample. has been drawn, and would also be confined within other conditions and
situations prevailing during the work. Thus, a correlation coelficient worked out with
a sample of adults may not hold good for children of the same population, or that
worked oul with a sample of females may not apply to males. (ii) A correlation
coefficient between two variables does net necessarily indicate that variations of one
of them may be either the cause or the effect of variations of the other : their
correlation may very well have arisen from the association of some other variable in
common with both of them. (iii} A correlation coefficient cannor directly predict the
score of one of the variables from that of the other in the same individual. (iv) The
correlation coefficient between two variables varies from sample to sample everd
when they have been drawn from the same population ; so, the sample correlation
coefficients () lie dispersed around the population correlation coefficient (p) to form
a sampling distribution of r values, owing to their respective sampling errors.

6.3 Product-moment correlation

Karl Pearson’s product-moment correlation coefficient or Pearson’s r is a simple
linear correlation coefficient, used in correlating two variables which have a linear
association with each other.

6.3.1. Assumptions for product-moment r

Product-moment r ¢an be applied for correlating two variables, only if it can be
logically assumed that the following conditions or criteria are fulfilled in the case
under investigation. (i} Both the variables being correlated should be continuous
measurement variables, with their scores quantitatively measurable and occurring
even in infinitely small fractional units, with no gaps in the respective scales of
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scores. (ii) Scores of each variable should be distributed in the population in a
unimodal, bilaterally symmetric or almost symmetric, normal or nearly normal
distribution with not much skewness of its tails. (iii) There should exist a linear
association between the variations of the two variables, (iv) The pair of scores of the
two variables for each individual or case should have occurred in the sample ar
random, obeying the laws of probability and independent of all other similar pairs of
scores ; this last assumption ensures that the sample may be a representative of the
population, enabling the inference made from the sample to be generalized for the
corresponding population. .

It follows from these assuinptions that the product moment » cannot be used in
correlaling such variables as are not associated linearly, or are discontinuous in
nature (c.g., heart rate, cell count and litter size) or are ordinal variables (e.g., ferocity)
or nonmeasurable qualitative variables (e.g., sex and race), or have prominently
skewed or non-normal distributions in the population.

6.3.2. Properties of product-moment r

(a) The magnitude of the computed r is a measure of the strength of association
between the variables while its algebraic sign indicates whether the variables vary in
the same direction (positive) or in opposile directions (negative). Thus, + 0.80 indicates
a high positive correlation, — 0.72 shows a high negative correlation, +0. 14 indicates
a low positive correlation, while 0.00 means the absence of any linear correlation,

(b) If every score of any or each variable is multiplied, divided, added or subtracted
by a constant number, it does not result in any change in the r value between the two
variables.

(e) Correlation depends on that proportion of total variance of each variable
which is associated with the variance of the other. This makes the value of r directly
proportional to the covariance of the two variables. Where X and Y are the srores,
X and ¥ are the means, s_and 5, are the unbiased standard dcwahuns_, and Cov(X.Y)

is the covariance of two variables, and n is the sample size,

s i T s _E(X-X)Y-V)
i e e T e e

_Cov(X,Y) E(X-X)Y-¥)
TR R

(d) The r values, computed between two given variables in different samples
from the same population, lie dispersed forming a sampling distribution of r around
the population correlation coefficient (p) because of their varying differences, called
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sampling errors (s,), from the latter ; for cach sample r; 5, = r - p. The 5, of r may
be estimated by working out the standard error (s,) of the r.

(e) Sampling distributions of r-are unimodal and symmetrical if the corresponding
population p amounts to zero, but are progressively more and more skewed either

positively or negatively, according respectively to the rising negative and positive
values of p.

() The squared value (r*) of product-moment r between two variables is often
used as a measure of that proportion of variance of each of them, which depends on
the variance of the other variable ; this is called the coefficient of determination (r?).

For example, 0.49 proportion of the variance of X would be determined by the
variance of ¥ and vice versa, if rxy amounts to —0.70.

*6.3.3, Computation of r from ungrouped data

Using the ungrouped scores of the variables X and ¥, product-moment r is
generally worked out between them with either of the following alternative formulae,
each derived from the foregoing equation for the relation between r and Cow(X,¥),
(See Sub-section 6,3.2).

(a) From sum of products and sums of squares ;

Where X and ¥ are the sample means of the respective variables, (X — X) and
(Y-Y) are the differences between each score and its mean, (X -X)? and
(YY) are the sums of squares of respective variables, and X(X — Xy - Y) is
the sum of products of (X - X) and (¥ — ¥) values of each case,

= HX-X)yr-7)
JEX - XV 2T
(b) From raw scores of variables :

Where n is the number of cases in the sample or the sample size, X and I'.l’
are the sums of scores of the respective variables, £X* and $¥* are the sums of

respective squared scores, and XY is the sum of the products of X and ¥ scores of
each case,

= nEXY-IX ETY
V [MEX? ~(2X )2} (n2Y? - (2¥)]

6.3.4. Significance of computed r :
You should be aware that a significance test has to be undertaken to find out the
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probability (P) of the null hypothesis (Hp) being correct, because the r has been
worked out using a sample. The H , proposes here that the computed r has resulted
from mere chances associated with random sampling by laws of probability and is
not significant or meaningful. Stated differently, the H, contends that population p
amounts to zero only, that the random choice of a particular sample has led to the
observed value of r, and that the difference between the observed value of r and the

zero value of population p can be explamn:d away by the sampling error of the
computed

To work out the pruhability P of the I, being correct, the computed r is
transformed into Student's ¢ by using the SE (s,) of the r ; the df of t is also worked
out.

ek
il =i df=n-2,

5 = ¥ I =—
r

2 n-2"

The computed ¢ is next compared with two-tail critical # scores with the same
df. Only if the computed ¢ either exceeds or equals the critical ¢ for a particular
significance level (o) not higher than 0.05, P is considered too low (P < @), the H,
is consequently rejected and the computed r is considered significant. On the contrary,
if the critical f exceeds the computed r, P is considered too high (P > @ ), the H,
is consequently retained and the computed r has no significance,

Example 6.3.1.

Work out product-moment r to find whether or not there is a significant correlation
between tracheal ventilation (X ml/minute) and O, consumption (¥ ml/minute): using
the following data of a sample of grasshoppers. (ot = 0.01.)

Animal : | 2 3 4 5 6 i 8 9 10
X: 660 891 720 875 752 782 835 1716 B56 763
Y: 33 49 35 47 39 40 43 134 44 38

Critical 7 scores : f0.01(97= 3.250 ; ¢ 0.01(8)= 3,355 ; fo.o1018) =2.878.
Solution :
(a) Using the sums of squares ;

f-——-M 78.5ml. ¥ = Eﬂ— 2 40.0 _ 4 o1,
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Table 6.1 : Table for computing sum of products and sums of squares,

X Y X-X Y-¥  (X-XP? (P-¥P (X-X)r-¥)
66.0 3.3 -12.5 -0.7 15625 0.49 + 8.75
89.1 4.9 +10.6 +0.9 112,36 0.81 + 9.54
72,0 3.5 —6.5 0.5 42.25 0.25 +3.25
875 4.7 +9.0 +0.7 81.00 049  +6.30
75.2 3.3 -3.3 -0.3 10.89 0.09 +0.99
78.2 4.0 0.3 0 0.09 0 0
83.5 43 +5.0 +0.3 25.00 0.09 + 1.50
71.6 3.4 -6.9 -0.6 47.61 0.36 +4.14
85.6 4.4 +7.1 +0.4 50.41 0.16 + 2.84
76.3 3.8 -2.2 02 4,84 0.04 . +044.

"% 7850 400 = = 530,70 2,78 + 37.75
UX-X)¥-Y) 3175 +098

(b) Using raw scores (alternative method) :

B -Xynr-v) |[53070x278

Table 6.2 . Table for cnmpﬁting r from raw scores,

X % i % XY
66.0 3.3 4356.00 10.89 217:80
89.1 49 7938.81 24.01 436,59
72.0 35 5184.00 12.25 252.00
87.5 47 7656.25 22.09 411.25
75.2 3.7 5655.04 13.69 278,24
782 40 6115.24 16.00 312.80

835 43 6972.25 18.49 359.05

71.6 3.4 5126.56 11.56. - 243.44

85.6 4.4 7327.36 19.36 376.64

76.3 3.8 5821.69 14.44 289.94

3 7850 40.0 62153.20 162,78 3177.75
HEXY — EXTY 10%3177.75~-7850% 400

=

=+ 0.98,
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(c) Significance of computed r :

_— . :
J‘l r’ ﬂ?ﬁ-._ﬂmu I=—r-=-{lEE-=I4,[]ﬂﬂ
n=2 10-2 s, 0.070

ﬂsz -2 =102=8 o=00L Critical I{;Imta} = 3355,

As the computed ¢ far exceeds the critical fpq;, £ is considered too low. So, the

Hy is rejected. There is a significant correlation between tracheal ventilation and O,
consumption. (P < 0.01).

6.4 Kendall’s rank correlation

Kendall's rank correlation coefficient or Kendall's tau (1) is a rank-based simple
linear correlation coefficient. It is a powerful nonparametric alternative to product-
moment r when the more rigorous assumptions for the latter are not fulfilled, Tt
ranges from —1.00 to +1.00 in value,

 64.1. Assumptions for Kendall’s tau .

You may compute Kendall's tan for correlating either ordinal vaniables with their
magnitudes expressed in ranks, or measurement variables after first changing their
scores into ranks, provided the following assumptions are justifiable. (i) The variables
should either be ordinal variables with the cases of the sample already graded into
ranks, or be such other variables whose scores can be changed into ranks. (ii) Ranks
or scores of the two variables should bear linear association. (iti) The pair of ranks
or scores of each case should have ocourred due to random sampling using laws of
probability so that the sample may be considered as representing the’ population.
(iv) No assumption nced be made for the continuous nature of any of the variables,
(v) No assumption is also necessary for the normality of distribution of scores or
ranks of either variable in the population.

It follows from these assumptions that Kendall's tau cannot be used for nominal
variables like sex, as ranks cannot be assigned for them to the cases of the sample.
Moreaver, being less powerful than the product-moment r, tau should be used only
when assumptions for r are found not to be logical,

6.4.2. Computation of Kendall’s tau

(a) In case of ordinal variables with their magnitudes already graded in ranks,
those ranks may be used directly in computing tau. But for continuous or discontinuous
measurement variables, their scores are first changed into ranks in ascending order;
the ranks of two variables would thus form two separate series of ranks (Table 6.3).

12]



In this procedure, two or more identical scores of a variable are given an identical
average rank which is the mean of the ranks they would have got if they were
successive nonidentical scores ; the next score following such a tied set of scores is
given the rank it would have got if the immediately preceding score was not a
member of a tied set and did not enjoy any average rank, This system of ranking of
scores leads to two types of inaccuracies in all rank-dependent statistics, viz. (i) error
owing to varying differences between the scores bearing successive ranks, and (ii)
error arising from an average rank given to every score of a tied set instead of their
separate individual ranks, However, you will presently find that in computing tau, the
inaccuracy owing to average ranks is sought to be minimized, '

(b) After ranking the scores of two variables X and ¥ into two scparate series,
the ranks of that variable, which is free from any tied set or average rank, are
arranged in an ascending order along a column of a table ; against every rank of this
colurn, the paired rank of the same case with respect to the other variable is entered
in a second column alongside (Table 6.4),

[f each or neither of the variables has any tied set of scores, the ranks of any of
them may be arranged in the first column, paiting each with the rank of the same case
in the other variable along the second column,

(c) Moving downwards along the second column of ranks from its top, each of
its ranks is used in tum as a pivotal rank for comparing with every successive
subsequent rank following that pivotal rank, counting each subsequent rank as +1, 0
or -1 according as it exceeds, equals or falls short of the pivotal one, Such counts
of subsequent ranks are entéred in a third column and totalled as 3C, after using all
the second-column ranks in tum as successive pivotal ranks (Table 6.4).

(d) Correction terms (T, and ETy) are worked out for countering the errors due
to the use of average ranks for X and ¥ scores, respectively, using the number (t, or
ty) of cases in each tied set of the respective variables,

ETy = Zlt, (1, —lj] v ETy=Elt, (1,-1)].
(¢) Kendall's tau (r) is then worked out as follows, using the sample size (n),
XC, ETy and ET,,.
- 2XC
Jnn=)-ZT, ) [n(n-1)—21,] °
If any of the variables is free from tied scores, its £T'is taken as zero, So, if both
the variables have no tied scores, the formula simplifies into ;

o iie
A(n=1)"
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6.4.3. Significance of compuied tau !

Because the tau is computed using a sample, the A, proposes that it is not
significant and has resulied from the use of a particular sample drawn by random
sampling. To find the probability P of this F1, being correct, for sample sizes exceeding
10, the computed tau is transformed into Student’s ¢ using its SE (s, ) and the obtained
t is compared with two-tail critical 1 values,

_pPens.. 4, e
On(n—1) fairsi. a4 =

T

‘The computed 1 is significant, only if it either exceeds or equals the critical ¢
value for a chosen significance level (P <0). -

Example 6.4.1

Work out Kendall's tau to find whether or not there is a significant correlation

(. = 0.05) between gill weight (X) and body weight (¥), using the following data of
a sample of crabs.

Animal: 1 2 3 4 5 6 7 8 9 10 1
Xgm :015 011 019 030 013 020 025 030 0.15 022 015
Ygm :1120 810 1320 14.50 845 12.20 14.55 14.00 11.25 9.50 11.45
Critical ¢ values : rum[lm=2.223 ;-rﬂmm}ﬂ.ﬁﬂﬁ + Loos(m =1.960.
Solution :
Table 6.3. Ranking of gill weights (X) and body weights (Y).

X Ranks (R,) Y Ranks, (R,)
0.15 4 11.20 4
0.11 ] " 810 1
019 6 13.20 '8
030 10.5 14.50 10
0.13 2 | 8.45 2
0.20 q 12.20 7
0.25 9 14,55 1
0.30 10.5 14.00 9
0.15 4 1125 5
0.22 8 9.50 3
0.15. 4 11.45 6

R, and R, ranks are given in ascending orders to X and ¥ scores, respectively,
in Tahlc 6.3. hs Y has no ticd set of scores, R, ranks are entered in ascending order
along the first column of Table 6.4, and the respechvc paired R, ranks are entered

123

L



against them in the second eolumn, Every Ry rank is taken in tumn as the pivotal rank
and compared with the subscquent Ry ranks successively, counting each of the latter
as +1, 0 or -1, according as the subsequent rank exceeds, equals or is lower than the
pivotal rank. The algebraic sum of these counts gives 3.C.

Table 6.4, Count of subsequent ranks,

R, R, Count of subsequent ranks Total ()
| 1 LI A RE B3 B RS I BN ) | +10
z 2 S EUEY ERES ERES IS IS +9
3 8 =l=1-1=1-141+1+1 -2
4 4 O+0+14+ 1414141 +5
5 4 O+ 14141 +141 +5
] & +14 1414141 43
A 7 ~1+1+141 _ +2
B 6 11+ ; +3
9 10.5 0-1 - =1
10 10.5 -1 -1
11 9 '
Total _ ' +35 (2C)
n = L.

LTy = Elt, (1, -1)] = 3(3~1)+2(2-1) = 8, becavse X has one set of three tied
scores and one set of two tied scores,

ET, = Zlt,(t,-1)] = 0, as ¥ has no tied set.

2ZC 2x35

1= = . =40.66 ,
ntn=D)-ZIT 1 [n(r—-1)-ZT,)  JII(11-1)—8] [L1C] 1-1)-0]
_ [2@n+5)  [2(2%11+5) _ T _ 066 ..
’f"\/gn(n—n Y OxII(IT=T1) = 0234, "sT =0~ +tl dics st

¢ = 0.05. Critical Iy 03y =1.960.

As the compuled t exceeds the critical Yogs: P is lower than 0.05, So, P is too
low. The IT, is rejected. There is a significant correlation between gill weight and
body weight. (P < 0.05.) - ' '

6.5 Partial correlation

In any system, there exist innumerable variables, many of which are associated
with each other. So, the product-moment » between any two given variables lacks
precision because it has resulted only partly from the direct correlation between them
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while its rémaining part has arisen from the association of those two variables with
one or more other variables in common, So, to get-a more correct measure of the
direct correlation between two given variables, the cffects of one or more other
variables affecting them in common should be eliminated or held constant, Partial
r is the correlation coefficient between two variables, eliminating or partialling out
one or more variables associated with both of them. For example, the r|, worked out
between blood glucose (X)) and blood insulin (X,) in a sample of mammals may
suffer from the drawback that il has been partly derived from the association of blood
cortisol (X,) with both X, and X, ; s0, for a more correct corrélation between X and
X, a partial correlation coefficient (rlz_,_} has to be worked out between those two,
partialling out the variable X,

6.5.1. Types of partial correlation

Partial r values range from —1.00 to +1.00 and may be either positive or negative.
Partial r may be either linear or nonlinear according to respectively linear and nonlinear
associations. Again, partial r may belong to different orders according to the number
of variables partialled out or held constant during its computation. For example,
partial r,, , between blood glucose (X,) and blood insulin (X,), partialling out blood
cortisol (X,), is a first-order partial correlation ; in contrast, r, ., between glomerular
filtration rate (X,) and glomerular blood pressure (i) partialling out two other variables,
viz,, plasma protein osmotic pressure (X4} and Bowman capsular fluid pressure (X W
is a second-order partial correlation. Our discussion will be confined here 1o first-
order linear partial correlations only. For the first-order partial ry, , for cxample,
those components of X, and X, scores as are correlated with X, are eliminated,

correlating only such rcspcctwc remaining components of X, a.nd X, as are not
associated with X,

6.5.2. Assumptions for partial linear cnrmlatiun

For the computation of partial linear correlations, following assumptions shuuld
be justifiable. (i) All the variables involved should be continuous measurement
variables. (ii) All those variables should have their scores distnbuted in nearly normal
distributions in the population without significant bilateral asymmetry. (iii) There
should exist significant linear correlations between variables of each pair. (iv) Each
pair of scores of every case in the sample should occur ar random in accordance with

laws of probability.
6.5.3. Computation of first-order linear partial r

Linear partial r of any order is basically worked out from the product-moment
r values of each pair of variables involved. For the first-order partial r, , between
variables X, and X, partialling out the variable X,, the product-moment r,,, r,4 and

125



ryy values between the respective variables of three relevant pairs have to be used.
Thus,

2 — N3l _
JU-r2111-#2)

Similarly, for the first-order partial r values between variables of other pairs,
clinﬁn_a_tin_g the respective third variables,

. Maa =

iy~ 1z iy = =k,

& rl ;
Vi-min-1 " i-iin-n

In each case, the H,, proposes that the computed partial r is not significant and
has resulted from the use of a particular sample drawn at random by laws of probability,
To find the probability P of the H, being correct, the computed partial  is transformed

into Student's 1, using the SE of the former. For example, for Nz

§ =‘_l"_rlf?..}_ PR df=n—3
123 n-3 ° G :

Ty

Naz =

The computed ¢ is then compared with the appropriate critical ¢ value having
the same df. The partial r is considered significant, only if the computed r either
exceeds or equals the critical r, for the chosen level of significance (P < o).

Example 6.5.1.

Find whether or not there is a significant linear partial correlation between O
consumption (X; mI/minute) and tracheal ventilation volume (X, ml/minute) partialling
out atimospheric O, tension (X; mm Hg), using the following data of a sample of 53
locusts. (o = 0.05).

Ng= H0.75 | riy= +0.35 ; ryy= +0.25,
To.0s(52y=2-007 § fo.0ssny=2.008 ; To.05(50)™ 2.009.
Solution :
__fahym __075-035x035 s
V-1 0-A1  J11-035"11-025°]

s ' 073
el ’1—1’.}:-"31 N t=A23 _ 20 gs0e
Snas = e S 53-=-3 _ﬂm7 ' Srits 0097

df = n-3 = 53-3 = 50, Critical 1; o 0= 2.009.

Maa =
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The computed f exceeds the critical 1, 5 ; so, P is too low and the H, is rejected.,

Hence, there is a significant linear partial correlation between X and X, pariialling
out X;. (P < 0.05.)

6.6 Multiple correlation

Multiple correlation consists of the quantilative assessment of the magnitude
and direction of correlation between a given variable and the combination or weighted
sum of two or more other variables. The single variable being correlated is called the
criterion while the variables, whose combination is being correlated, are called the
predictors, An example of multiple correlation with three variables—one criterion
and two predictors— is the mulriple linear correlation coefficient R ,, between wing
length (X,) and the combination or weighted sum of trunk length (X,) and body
weight (X,) of a sample of insects, Higher mulliple correlations with more than three
variables (e.g., R, ,4;) may also be worked out with more than two predictors. Multiple
correlations may be either positive or negative according to the direction of correlation
between the criterion and the weighted sum of predictors, and may range from —1.00
to +1.00. Multiple correlations may again be either linear or nonlinear according to
the linear or nonlinear form of association between the criterion and the combination
of predictors.

The squared value of muluplt correlation (e.g., R 43 ) 18 called the coefficient of
multiple determination and serves as an estimate r.)f Lha.t proportion of the total
variance of criterion, which is dependent on the combined contribution of all the
predictors, On the contrary, the coefficient of multiple non-determination (e.g., K{f_n}
serves as a measure of that proportion of the total variance of criterion, which is not
determined by the combined contribution of the predictors and is given by :
Kin=1-Rly. '

6.6.1. Assumptions for multiple linear correlations

Multiple correlations can be computed with any number of variables, only when
there are significant correlations between the variables of each pair. So, the assumptions
1o be justifiable for multiple linear correlations are closely similar to those for product-
moment r between the variables in pairs, Thus, (i) the eriterion as also each predictor
should be continuous measurement variables with no gap in their scales of scores,
(ii) scores of each variable should have a normal or near-normal distribution in the
population without much bilateral asymmetry, (iii) there should exist significant linear
correlations between the variables of each pair, and (iv) each pair of scores of every
case should occur in the sample in accordance to the laws of probability.
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6.6.2. Computation of multiple linear correlation with three variables

Multiple linear correlations are basically worked out from the product-moment
r values of each pair of variables involved. It cannot be computed if the product-
moment r is not significant for any of the pairs of variables. For working out the
multiple lincar correlation coefficient (R, ,,) between a criterion X, and the combination
of two predictors (in and X,), the beta coefficients {[3-1 and [33} are first calculated
from the product moment r values (r,,, r,, and r,,) between the respective variables;
B, and {3, serve as measires of the proportions of variance of the criterion, associated
with the variances of respective predictors (X and X).

i ~ ik N3=N2 By, o ———
p: = 5t Py = 544 Riga = o Boiia + By
I 1=-ry
Bh .. A L : .*=——R’-“; df =n—-3
= n—3 H ‘rﬂ'i.n

To find the probability (P) of the H, being correct, the Student’s ¢ worked out
from R, ., is compared with critical !, score for the chosen significance level (1) The

computed R, ,, is considered significant, only if the computed ¢ is either higher than
or equal to the eritical 7_ value (P < o).

Example 6.6.1

Use the data of Example 6.5.1 to find whether or not there is a significant
multiple linear correlation between O, consumption (X,) and the weighted sum of
tracheal ventilation (X,) and atmospheric 0, tension (X). (o = 0.05.)

I!‘IZIJ:ISl;-i"I-I:l:z":‘“‘n : fum{ml=2.-{}{]9 ¥ rumm:lﬂﬂs ;.;D.ﬂitsz1=2'm1
Sofntion : )
rp= +0.75 ; rp= +0.35 5 r,= +0.25 ; n=53.

fy—haty _ 075-035%025

= =071
& 1-r} 1-025?
Ny —Hafyy  035-075%025

= ”1 2n-= —— =017,
Ry23 = [Byriz +Baris = OT1x075+017%035 =077 .

S | R 0.77

' = = =ﬂ141. I=—u1=_"'—=5.4'ﬁ} )

_"R::u Jn—-3 J53-3 Spo, 0141

df=n-3=533=50. @=005  Critical #,=2.009.
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As the compuled f exceeds the critical 1, P is too low (P < 0.05). The H, is
rejected and the computed R, .. is significant.

6.7 Regression

Some variables cannot be measured directly or easily, with sufficient precision,
or without errors. For predicting the very likely score of such a variable in any piven
individual or case, a statistical method of prediction, called regression, may be applied.
The latter depends on the already known or measured scores of one or more variables
correlated significantly with the variable to be predicted. In any regression, the variable
to be predicted is called the dependent variable or eriterion for that regression : the
variable(s) whose known or measured score(s) may form the basis of the. prediction,
should be called the independent variable(s) or predicior(s). In every regression, there
is a single criterion ; but there may be one or more predictors in a regression.

6.7.1, Types of regression

Regression may be broadly classified into simple and multiple regressions
depending on the number of predictors used. In all types of regression, scores of a
single variable would be predicted; but where the known or measured score of a
single predictor is wsed in working out the regression, the latter is called a simple
regression, while the scores of more than one predictor are used in predicting the
score of a criterion in a multiple regression. It should be understood that in predicting
the score of a criterion in any individual, the predicfor scores of the same individual
must be used ; moreover, there must exist significant simple correlations between the
scores of the criterion and those of each predictor. An example of simple regression
is the regression of the blood insulin concentraion (X,) in a patient on his/her blood
sugar concentraion (X,), X, and X, being respectively the criterion and the predictor.
A multiple regression of thﬁ 0, cﬂnsumpuun (X,) may be worked out in a locust on
the combination of scores of its tracheal ven[ilatiun (X,) and the O, tension (X,) in
its inspired air— X, is the criterion here while X, and X, are two predictors.

Regressions may again be classified into linear and nonlinear regressions,
depending on whether there is respectively a linear association or a nonlinear
association between the criterion and the predictor. For example, if the criterion is
linearly correlated with the predictor, the scores of the former are predicted by working
out an equation for a straight line, depending on the linear association between the
two. On the contrary, if the criterion has a nonlinear correlation with the predictor,
scores of the criterion have to be predicted in terms of a curved line like a sigmoid
or hyperbolic or exponential curve, according to the form of their association.
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6.7.2. Models of regression

You have to choose from three alternative models of regression in predicting the
scores of a criterion, according to the nature of the predicior used for the regression,
(i) Model I or fixed model regression is chosen while using fixed experimental
treatments as prediclors that arc prevented from random variations by planned and
well-controlled applications of their different levels on the subjects ; this model of
regression expresses both the interdependence and the cause-and-effect relation between
the criterion .and the predictor. Thus, a model I simple regression consists of the
regression of O, consumption in a sample of dragon flics on the pre-determined
levels of the insccticide rotenone applied on them, (ii) Model II or random model
regression is worked out when the independent variables or predictors are uncontrolled
random variables free (o vary at random ; this model expresses the interdependence,
but not the cause-and-effect-relation of the criterion and the predictors, Thus, you
would work out a model II simple regression of E.l2 consumplion in a sample of
dragon flies on the naturally occurring unconirolled levels of a pesticide in the
environment. (i) Model 1T or mixed model regression consists of only multiple
regressions when both random variables and fixed experimental treatments are used
as predictors, An example is the multiple regression of tracheal ventilation volume

on the combination of atmospheric nitric oxide levels and administered levels of
ephedrine,

6.7.3. Properties of regression

(a) Regression is an expression of the dependent variable or criterion as a finction
of the independent variable or predictor. :

(b) It follows that a regression can be worked out only when therd is a significant
correlation between, the criterion and the predictor, and may be linear or. nonlinear
according to the linear or nonlinear nature of that correlation,

(c) Because regression is based on correlation, it resembles the latter in being
effective only within the confines of the specific stratum or section of the population
from which a sample was used, and other conditions that prevailed during its work-
out, but not beyond their limits, ; '

(d) Regression predicts only a probable score of the criterion on a given score
of the predictor in a case so that the predicted score (¥)may differ from the actual
score (Y) of the criterion in that case by varying amounts,

(e) So, for any chosen predictor score (X), the actual eriterion scores (Y) of
different individuals having that X score lie dispersed around the repression-based
predicted y score in the form of a distribution.

() The magnitude of deviations of actual criterion scores (Y) from the regression-
predicted criterion score (¥) can be estimated by working out the SE of estimate
(5,) of the criterion on the predictor. :
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(g) Between a pair of variables correlated with one another, regression can be
worked out in rwe ways, viz., a regression of variable X as criterion on variable ¥
as predictor, and another regression of variable ¥ as criterion on variable X as predictor.
However, it is sensible to compute the regression of that variable of the pair as
criterion, whose direct measurement is less precise or/and more complicated than that
of the other variable, while the latter is used as the predictor,

(h) A regression equation is worked out using a statistic called the regression
coefficient (e.g., by, for the regression of ¥ on X) which is a measure of the average
rate of change of criterion scores (¥) with each unit change in the scores (X) of the
predictor. '

6.8 Simple linear regression

This is the regression for predicling the probable score of a criterion (say, ¥) on
the measured, known or given score of a single predictor (say, X) where the two
vaniables are linearly correlated. It may belong to either model I or model Il, depending
on whether the predictor is a fixed experimental treatment free from random errors,
or a classification variable suffering from random errors. The regression of the criterion
Y on the predictor X and that of the criterion X on the predictor ¥ require the working
out of two respective and separate regression equations. For linear regression, each
regression equation is an equation for a straight line (regression line) expressing the
scores of the criterion as the linear function of the scores of the predictor. The slope
of the regression line is given by the regression coefficient which is the measure of
the average rate of change of criterion scores for unit changes in predictor scores, The
regression coefficient is used in working out the y-intercept of the regression line,
i.e., its point of intersection with the ordinate scale for criterion scores.

6.8.1. Assumptions for simple linear regression

Following assumptions should be justifiable for working out a simple linear
n_t'grcssiun of a criterion (¥) on a single predictor (X). (i) The criterion as well as the
predictor should be continuous measurement variable, scores of both being
quantitatively measurable and occurring even in infinitely small fractions of units. (ii)
Scores of cach variable should form a normal or near-normal distribution in the
population from which the sample has been drawn, (iii) There should exist a significant
" linear corelation between the criterion and the predictor. (iv) The actual score of
criterion for each individual should occur in the sampie obeying the laws of probability,
thus ensuring the representative nature of the sample with respect to the population.
(v) The actual criterion scores (¥) of a large number of cases, having an identical
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nredintoe scare (1), shouid form a normal distriburion aiound e criterion score (¥)

worked out by regression on that predictor score. (vi) If a model ¥ regression is
intended, the predictor should be a fixed experimental treatment free from random
errors; for a model II regression, the predictor should be a random or classification
variable beyond the control of the investigator and suffering from random eITors.

6.8.2. Properties of simple linear repression

(a) Simple linear regression is possible only if there is a significant produc-
moment r between the variables intended to be the criterion and the predictor,

{b) If the predicted criterion scores (say, y ) are plotted against their respective
predictor scores (say, X), the plotted points should lie scattered around a straight
regression line of Y on X, obeying the principle of least squares.

(¢) The slope of the regression line is given by the regression coefficient of the
criterion on the predictor; e.g., by, for the regression of ¥ on X, and by, for the
regression of X on ¥, .

(d) Magnitude of the regression coefficient is a measure of the average rate of
change of criterion scores with unit changes in predictor scores, Positive and ncgative
algebraic signs of the regression coefficient correspond respectively to positive and
negative correlations between the two variables and indicate respectively ascending
and descending gradients of the regression line.

(e) The y-intercept of the regression line determines the general level of the line
and is given, in case of the regression of ¥ on X, by ayy Worked out using the By

(f) For any given predictor score (say, X), the actual criterion scores (¥) of a
large number of cases having that X score lie scattered ‘in the form of a normal
distribution around the regression-predicted y score as the mean of that distribution,

(g) The linear regression of ¥ on X, and that of X on ¥ would yield two separate
regression lines inersecting at the point corresponding to means ( X and ¥ ) of the
two variables, :

(h) The angle between the intersecting regression lines depends on the magnitude
of the product-moment r value (r,, or Tyy) between the two variables, ranging from
zero (when r is +/-1.00) 10 90° (when r is 0.00).

(1) The product-moment r between the criterion and the predictor (ryy OF Fyp) 18
the geometric mean of the regression coefficients (byy and by, of the two regression

lines : Fyy OF Fyp = ,.I'bnbﬂ ;

(j) Deviations of actually measured criteﬁ_un scores (I) from the predicted criterion
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score (y ) may be estimated by the SE of estimate (s, for yon X) using the SD of
the criterion scores. Thus, for the respective regressivn equations,

—=2v T . _ 1
S —s”ﬂl“r?x . sﬂ—s“fl—rxrl.

6.8.3, Computation of simple linear regression
1. Regression of Y on X :

(1) Computation of b, using sum of products :

gk, puI G JEX DY)
" n Z(X-X)
(ii) Computation of b, using raw scores :
_ nEXY -¥XTY
H:_{EK_)Z

(iit) Computation of a, and regression equation :
Ay =¥ ~b, X; ¥=a,+b,X.

2. Regression of X on ¥ :

(i) Computation of b, using sum of products :

n n 2(Y-Y)
(1) Computation of by, using raw scores :
_nEXY-ZX XY

oY - (EY)
(iii) Computation of a,, and regression equation :

3. Drawing of the mgressian line :

Several predictor scores are chosen from within their range in the sample, for
computing the corresponding criterion scores with the help of the regression equation.
The computed criterion scores are plotted against the respective predictor scores on
a graph paper and the plotted points are used in drawing the regression line. (See
‘Example 6.8.1.)
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Example 6.8.1.

Work out the simple linear regression of li]'2 consumption (¥ mi/minute) on
tracheal ventilation (X ml/minute) using the data of Example 6.3.1.

Solution :

1. Computation of b, from sum of products :
From the data of Example 6.3.1, the scores of tracheal ventilation (X) and 0,
consumption (¥) are entercd in Table 6.5 for further treatment.

Table 6.5. Computation uf sum of products and sum of squares.

X Y x-X Y-¥Y (X=X (X-X)(Y-P)
66.0 3.3 128 1 07 156.25 +8.75
89.1 . 49 +10.6 +09 11236 - +9.54
72.0 35 ° =65 - 05 42.25 +3.25
87.5 4.7 + 9.0 +07 8100 +6.30
75.2 3.7 ~33 - 03 10,89 +0.99
782 4.0 - 03 0 0.09 0
83.5 4.3 +50 +0.3 25.00 + 1.50
71.6 34 - 69 - 06 47.61 +4.14
85.6 4.4 + 7.1 +04 50.41 +2.84
763 38 ~22 ~02 484 +0.44

Y 7850 400 i o 530.70 +37.75
-E:-E-‘E=M=?sj ?=H_@=4ﬂ
n 10 H 10
b o X-X)Y-V) 3775 ﬂ_u_”_'.

(X-X)* 53070

2. Computation of by, from raw scores (alternative method) :

From the data of Example 6.3.1, X and ¥ scores are entered in Table 6.6 for
further treatment.
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Table 6.6, Computation of by, from raw scores,

X Y X XY

66.0 .33 4356.00 ~ 217.80
89.1 4.9 7938.81 ; 436.59
72.0 35 . 5184.00 252.00
87.5 4.7 7656.25 411.25
75.2 3.7 5655.04 278.24
78.2 4.0 6115.24 312.80
83.5 4.3 . 6972.25 359,05
71.6 3.4 5126.56 243.44
85.6 44 732736 376.64
76.3 3.8 5821.69 289,94

3 7850 40.0 - 62153.20 3177.75

Fom i o ) agie a0 o

n 10 n 1

_ nEXY-ZXZY _10x3177.75-7850%400
AEXT~(ZX):  10%6215320-7850°

3. Computation of ay, and regression equation :
ayy =Y by X =4,0-0.071x78.5=-157,

3"

=(.071.

Y=ay, +byX, or ¥=-157+0071X.

4, Drawing of regression line :
Four X scores are chosen at random from within the range of X in the data
and used in computing the respective § scores,

(i) Where X =70, ¥ =a, +by X =-157+0071x70=34.
(i) Where X =75, ¥ =a,y +by X ==157+0071x75=38.
(iii) Where X =80, ¥ =ay, +by X =—-157+0071x80=4.1.
(iv) Where X =85, ¥ =a,, + by, X =—157+0071x85=45.

Each y score is plotied against the corresponding X scorc on a graph paper and
the plotted points are used to draw the regression line of ¥ on X (Fig 6.1).
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4,54
(X =85 F =d5)

I 4.0 (X =80 ¥ =a,1)
(X =75{F=34
Y 3s,
(X=70:F=34)
3.0

SRR - S % b

65 T 73 g0 85

X e————ri

s

¥=-157+0071X.

Fig 6.1. Linearrégression line of 0O, consumption (¥ on tracheal ventilation (X) for Example 6.8.1.

6.9 Multiple regression

Statistical prediction of the scores of a dependent variable or criterion, using the
known or measured scores of two or mnre'i'ndcpcndent variables or predictors, is
called multiple regression. It is basically the method of expressing the criterion as a
function of the weighted sum of two or more predictors.

6.9.1. Types of multiple repression

Where the criterion has a significant linear correlation with each of the predictors,
multiple linear regression is used in predicting its scores from the combination of
scores of those predictors. On the contrary, multiple nonlinear regressions have to be
used in predicting the scores of the criterion if the latter has significant hyperbolic,
sigmoid, exponential or other nonlinear forms of association with the predictors.

Methods of multiple regressions also differ according to the number of
independent variables/predictors used in the computation, Our discussion will be
confined here to multiple linear regression with three variables, i.e., two predictors.

6.9.2. Models of multiple regression
Multiple regressions may be of three different models according to the nature of
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predictors used. In a model | or fixed model multiple regression, all the predictors are
fixed experimental treatments (e.g., levels of administered insulin) under the control
of investigator and free from random errors; for example, the regression of blood
glucose on combinations of different administered levels of insulin and cortisol, In
a model [l or random model multiple regression, all the predictors are beyond the
control of investigator and liable to changes at random; for example, the regression
of gill weights of fishes on their body weights and trunk lengths, both of the lauer
being random variables. A model 1Tl or mixed model multiple regression is worked
out when both types of predictors are simultancously applied in the experiment; for
example, the regression of O, consumption by insccts on atmospheric O, tension
(random) and administered levels of dimercaprol (fixed).

6.9.3. Assumptions for multiple linear regression

Multiple linear repression can be worked out, only if the following conditions
may be logically assumed to be fulfilled. (i) Predictors as well as criterion are
continuous measurement variables without genuine gaps in their respective scales of
values. (ii) Scores of every variable arg almost normally distributed in the population
without very distinct bilateral asymmetry. (1ii) Aclual score of the dependent variable
for each case appears in the sample obeying the laws of probability. (iv) The criterion
should have linear aszociation with each of the predictors.

6.9.4, Computation of multiple linear regression

For working out the multiple linear regression of a criterion (X,) on the.
cumblnatmn of two predictors [X and X }. partial regression coefficients {b
by ;) are compuied using the beta mcff' c:cms (B, and f§,) and the standard duviatmns
(8, 5, and ;) of all three variables. The beta coefficients have been described in Sub-
section ﬁ.&l-. Partial regression coefficients, viz., by, , and by, , are the measures of
slopes of regression lines of the criterion X, on the predictors X, and X, respectively,
when the respective other prediciors are eliminated or partialled out. The means of
the variables and the partial regression coefficients are used in working out a5

which is the y-intercept of the regression line. ‘thrc x 15 the predicted score of
the criterion,

T T T B, = My~ :: M,
E’z - 1 B £ 1- )
Iy "'n

'[’l'n:Bzxj:zli bi32=ﬁ‘3x%i Q3= X1 =B Xy~ Xy

J?I =8y g5+ By Xy 8, X,
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The standard error of estimate (5)23) serves as an estimate of the devistions of
actual criterion scores (X,) from the predicted ¥, score, and is worked out using the
coefficient of multiple determination which is the squared multiple linear correlation

coefficient (R’,,) between the criterion (X;) and the combination of predictors (X,
and X,),

R::.lz: = [yrip +Banias Sia3 = Sy 1- Rlz.zs .
Example 6.9.1.

Work out the multiple linear regression of glomerular filtration rate (X, ml/min)
on glomerular blood pressure (X, mm Hg) and capsular fluid pressure (X; mm Hg),
using the following data of a sample of 40 chimpanzees,

X, =120 mVmin; X, =58 mm Hg; X,=18 mm Hg;

$; = 215 ml; 8, = 142 mm Hg; 5= 3.5 mm Hg;

rip=+082; r,=-021; ray= + 0,18,

Solution : .

s 2~ hiahy _ 082—(-021)x 018 =M§.

1-r] 1-018

f3—haty  —021-082x018 :
ﬁ; e _.13_.:__]31,.1.3_ A e 037,

1-7 1-018

A 215 215
bipy =By X = = 089X —= = 135; =B, xL= 28 _ong
23 = B s, 142 Byya ﬂ’x.-.-, -037x > 227,

@2y = ¥y —bypy Xy — b3, Xy =120~ 135% 58 - (~2.27) X 18 = 8256,
X =y +biya X, +by3, X5, or X, =8256+135X, 227X,
Ri3s = Bytia +Bshy = 089x082— 037 % (~021) = 081

S = §y1— RY, =215J1-081 =937

6.10 Summary

Correlation determines quantitatively the strength and indicates the direction of
relationship between two or more variables. It may be simple or multiple according
as two or more variables are involved, linear or nonlinear according to the form of
association between them, and positive or negative according as the correlated variables
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change in the same or opposite directions, Correlation serves as a measure of
association between the given variables within only that section of the population
from which a sample has been used for its computation, and does not necessarily
indicatc any cause-effect relationship between the variables, Product-moment
corrclation coefficient measures the correlation between two continuous, normally
distributed and linearly associated variables. Kendall's rank correlation coefficient is
used for linear comrelaiions between the ranks given to measurement and ordinal
variables, Partial correlation is a measure of magnitude and direction of association
between two given variables, eliminating the effects of one or more other variables
correlated with them. Multiple correlation is the correlation between a single given
variable and the combination of two or more other variables,

Regression is the statistical prediction of the probable score of a given variable
called the criterion, on the basis of the measured scores of one or more other variables
called the predictors, correlated with the criterion. Regression may ‘be simple or
multiple according as one or more predictors are used. Linear regression is worked
out if the criterion is linearly correlated with the predictor or predictors. The criterion
score predicted by regression is only a probable score and may differ from the actual
criterion score. Simple linear regression involves the computation of a regression
cofficient which is a measure of average rite of linear changes of criterion scores per
unil change of predictor scores, Models of regression are determined by the natures
of predictors, the latter being fixed experimental treatments in model I and random
variables in model I. Multiple regression consists of the prediction of probable
scores of a given crterion on the combination of two or more predictors. It is
computed using partial regression coefficients, each of which is a measure of the rate

of change of the criterion per unit change of one of the predictors when the effects
of other predictors are partialled oul.

6.11 Terminal questions

I. (a) Explain what you understand by simple regression and model I repression,
(b) State the assumptions for simple linear regression.

(c) Work out the simple linear regression of tracheal ventilation (¥ ml) on

0, consumption (X ml) using the following data of a sample of insects.

Animal : | 2 3 4 5 6 7 - R 9 10

X : 45 37 36 32 30 32 40 34 28 39

Y : B7 75 B2 713 T2 14 8S 73 70 78

2. (a) State the assumptions for product-moment r.
(b) Discuss the properties of product-moment correlation.
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“(c)

+ia)

(b)
(c)

(a)
(b)
(c)

(a)
(b)
(c)

(a)
(b)
(c)

Work out product-moment r using the data of Question 1(c) and find its

significance, choosing the correct critical ¢ value from below. (0= 0.05.)
foosae = 2-093; foosegy = 2-306; to0siey = 2.262,

Explain what you mean by first-order and second-order partial correlations,

citing examples.

Discuss the assumptions for linear partial correlations.

[Find whether or not there is a significant linear partial correlation between

gill weights (X; gm) and trunk lengths (X, cm), pariialling out body
weights (X, gm) in the following sample of 43 salmons using the
values between the respective variables and the correct critical ¢ value
from below. (a = 0.01.)

rg=+0.35, ry=+4030; ry,=+0.28
fooruny = 2-698; foorany = 2-701; loorany = 2.704.

Give a brief account of different models of regression,

Describe the assumptions for multiple linear correlations.

Use the data of question 3(c) to find whether or not there is a significant
multiple linear correlation between gill weights (X ;) and the combination
of trunk lengths (X,) and body weights (X,). (o = 0.01.)

Describe different types of regression.
Discuss the properties of simple linear regression,
Workout the multiple linear regression equation of variable X, on the
combination of variables X, and X, in the following sample of 50 animals
using their means, Standard deviations and product-moment r values
given below.
X,=120; X,=85; Xy=64; 5,=282 5,=210; s5,=1.21;
rp=+H0.72;  r,=-021; Ty = —0.23.

Discuss where you would compute Kendall's tau, describing its
assumptions,
Describe the sources of inaccuracies in the computation of Kendall’s tau
and a method for countering one of them.
Using the data of Question 1(c), work out Kendall's tau to find whether
or not there is a significant comelation between O, consumption (X ml)
and tracheal ventilation (¥ ml), choosing the comect critical  value from
below. (& = 0.01).

foor10y=3-1690  By010y=3-250;  f50100=2.845; 4y e =2-576;
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6.12 Answers

1.

(a) See Sub-sections 6.7.1 and 6.7.2.

- (b) See Sub-section 6.8.1.

(¢) See Example 6.8.1.

(a) See Sub-section 6.3.1.
(b) See Sub-section 6.3.2,
(c) See Example 6.3.1.

. (a) See Sub-section 6.5.1.
(b) See Sub-section 6.5.2.

(¢c) See Example 6.5.1.
(a) See Sub-section 6.7.2.

(b) See Sub-section 6.6.1.

(c) See Example 6.6.1.

(a) See Sub-section 6.7.1.
(b) See Sub-section 6.8.2.
(c) See Example 6.9.1.

(a) See Sub-section 6.4.1.
(b) See Sub-section 6.4.2.
(c) See Example 6.4.1.
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Unit 7 O PROBABILITY THEORY

Striecture

7.1 Introduction
Objectives

7.2 Random experiments
1.3 Random evenis

7.4 Independent events

7.5 Probability

7.6 Theorems of probability
7.7 Summary

7.8 Terminal questions

7.9 - Answers

7.1 Imtroduction

This unit will describe random occurrences of results of most scientific
investigations. You will read about random events of diverse types in the discrete
sample space of the experiment, Nature of independent events will be briefly presented.
Probability will be defined and explained, and its theorems will be discussed inf brief.

Objectives

After studying this unit, you should be able to do the following':

® define random experiments and their sample spaces,
® define and explain random events,

® classify and define different types of random events,
® cxplain what is meant by independent events,

® understand and define probability, and _

® describe the theorems of probability,

7.2 Random experiments

Most experiments or scientific investigations can be repeated any number of
times under the same conditions, but their results are peither predictable before the
termination of the particular trial, nor identical in most of the cases inspite of apparently
identical situations. Such experiments are called random experiments. Their basic
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characteristics are as follows : (i) they may be repeated any number of times under
the same situations and even with the same samples, (ii) all results or outcomes
possible for such an experiment are known and together constitute its sample space,
(iii) but the result is not predicrable for any specific performance of the experiment
. so that (iv) any of those predictable restults may be yielded by the experiment on any
particular occasion, (V) repeated performances of the same experiment under apparently
unchanged situations may consequently give results mostly differing from each other

and coinciding only sometimes, and (vi) the sample space consists of elements called
sample points.

If, say, you have to choose at random a single donor for a blood donation camp,
the possible ABO blood group of a randomly chosen donor may be either A or B or
O or AB group. This set of blood groups exhausts the possibility of choice of ABO
blood groups, Such a set of possible outcomes, e.g., [A, B, C, D] in this case, is
called the sample space for this experiment or sampling, and consists here of four
possible elements or outcomes in a single choice, Each such element in a sample
space is called a sample point.

In case one animal has to be chosen in a single chance from among animals of
male (M) and female (F) sexes, the sample space {or the single choice would consist
of the set [M, F] with M and F as its sample points. In contrast, when choosing twice
from those animals, each one (M or F) of the first choice may be succeeded by either
of those two options in the second choice so that the chosen elements may constitute
2? or 4 sample points, viz,, FF, FM, MF and MM, and' this set of all four sample
points forms the sample space for two successive choices,

A sample space, consisting of a set of all possible results or choices, may be
_continuous or nondiscrete if it consists of an infinite set of sample points that cannot

be counted. On the contrary, a discrefe or discontinuous sample space comprises
either a finite set or an enumerable, though infinite, set of sample points..

7.3 Random events

An event consists of the occurrence, existence or happening of any case, incident,
individual, phenomenon or score. It is called a random event if it either occurs or
does not vccur as an outcome of a random- experiment or choice with discrete sample
space. Any subject of a discrete sample space may constitute a random event in the
relevant experiment. A single set of elements or a combination of such sets may
occur as a random event. Occurrence of a random event should obey the laws of
probability; moreover, in a random experiment or sampling, every event or individual
should have an equal probability of occurrence,
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Random events may be of various types according to the different manners of
the probabilities of their occurrences. For example, an elementary or simple even is
a single event of the sample space while a compound event comprises more than one
element or sample point in the sample space, It should be understood that individual
simple events as well as the entire sample space are considered as events, If the
occurrence of ecither of two events is prevented by the occurrence of the other, they
are known as mutually exclusive events; thus, A and B would be mutually exclusive
of each other if the probability (P) of their simultaneous occurrence is Zero, i.e.,
P(A.B) = 0, so that A and B would never occur together. For an event oceurring at
random in a random experiment, its complementary event is ils non-oceurrence in the
latter. An elementary event is a single element of the sample space while a compound
eveni consists of a collection of more than one single sample point or element in the
sample space. If the occurrence of each of two events influences and changes the'
probability of occurrence of the other, they are called mutually dependent evénts; on'
the contrary, two events are mufually independent if the occurrence of each does not
affect or alter the probability of occurrence of the other. If neither of two events has
any probability of occurring in preference to the other so that either of them may
precede the other in occurring in the oulcome of a random experiment, they are
called equally likely events, Where the outcome of a random experiment consists of
a collection of a given number of random events, that collection is exhaustive if one
or more or those events must accur in the result of the experiment. A sure event of
a random experiment is the whole discrete sample space occurring with certainty in
that experiment and has, therefore, a probability of 1.00 (i.e., 100% chance) of
occurrence, while its empty subset with zero probability of occurrence is the impossible
or null event.

7.4 Independent events

Two random events of a random experiment are mutually independent of one
another if the occurrence of cither of them does not affect or alter the probability of
occurrence of the other. If A and B are independent events, the probability of occurrence
of neither of them (A or B) would be enhanced or decreased, whether or not it is
preceded or accompanied by the occurrence of the other. Thus, each of two independent
events follows its own probability of occurrence in tumning up in the experiment.
Moreover, each such event can occur alone and also together or preceding or following
the other one, The probability P(A.B) of the simultaneous or successive occurrences
of those two events is given by the multiplication theorem of probability. (See Sub-
section 7.6,2.) i
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P(AB) = P(A) X P(B).

Thus, the probability of simultaneous or successive occurrences of k number of
independent events is piven by :

7.5 Probability

You have read in Sub-section 3.4.1. of Unit 3 about the relative Jfrequency
(fin) of any event or score in a sample, and its computation by dividing the frequency
(f) of that event or score: with the total number () of the scores or events in the
sample. In a simple manner, the relative frequency of a particular type of event or
score in a very vast or nearly infinite total number of events or scores, may be taken
as the probability (P) of that particular event or score, In other words, probability is
the measure of random occurrence of an event among an infinite total number of
events. You may thus understand that the total number of all events, forming the
entire sample space and constituting the sure event, has a 100% certainty or a
probability of 1.00 of occurrence; so, the probability of occurrence of every other
event or element, being a part of the entire sample space, would amount to a specific
fractional part of 1,00 while a null event with no probability of occurrence would
have a zero probability, Thus, for any event other than the sure event, the probability
of random occurrence would either exceed or equal zero : P 2 0. This makes the scale
of probability or relative frequency a continuous one in any probability distribution
(see Sub-section 3.4.1). For example, if 8769 pomfret fishes of trunk length of 8.3
cm oceur in a random sample of 57421 pomfret fishes, the probability of random
occurrence of the given trunk length of 8.3 em may be worked out as follows.

P= Joa S10P. =0.15.
n 57421

However, the relative frequency of an event may differ from its probability of
random oeccwrrence, if the total number of all events or trials is small. With the
increase in the total number of events or cases, the relative frequency gets progressively
closer to the probability. Probability (P) is, therefore, the limiting relative frequency
of the event under consideration, when the sample size approaches or reaches infinity,
For exmple, in choosing one animal from a population with a male : female ratio of
0.55 : 0.45, the possible alternatives are twe only, viz., either a male or a female, so
that the relative frequency of a male animal being chosen amounts to 1.00 in the first
case and 0.00 in the second; but in choosing two animals either simultancously or
successively from the same population, there would be three alternative outcomes,
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viz., one male and one female, or two males, or two females, so that the relative
frequency of rmales varies from 0.50 in the first case, to 1.00 in the second case, and
to 0.00 in the third case. This way the relative frequency of occurrence of males goes
~on changing with the number of choices, until choices are made an infinitely large
number of times when the relative frequency would approach or reach the probability
(P) of 0.55 expected from the population sex ratio.

7.6 The_nrems of probability

You will next read about two basic theorems of probability.

7.6.1. Addition theorem

If there are & number of mutually exclusive events to choose from in one chance,
so that the occurrence or choice of any one of them excludes the probability of
occurrence of the others and more than one of them cannot occur simultaneously,
then the addition theorem gives the probability of occurrence of any one event (e.g.,
A or B or C ............or k) out of the total number of exclusive events, as the sum
obtained by adding the respective probabilities of their individual occurrences,

P(A or B or Cor ... k) = P{A) + P(B) + P(C) + ...+ P(k).

For example, if a single rat has to be chosen or to occur at random in one chance
out of a total of 15 rats (k = 15), the probability P(C) of random occurrence or choice
of rat C separately and individually in one chance is given by 1/k and amounts to
1/15 or 0.0667; probabilities of similar individual occurrences of rats D and E would
also amount to 1/15 or 0.0667 each. Because they are muma]fy excluswa, the
occurrence of any of them in a single trial would prevent the cha,ncé.s of occurrences
of the other two. In such a case, according to the addition theorem, the probability
of either C or D or E occurring or getting chosen in one chance equals the sum of
probabilities of random, separate and individual occurrence of each of those three.

P(C or Dor E) = P(C)+P(D}+F(E)-Uﬂﬁﬁ?+ﬂﬂﬁﬁ?+ﬂﬂﬁﬁ? 0.20.

7.6.2. Mnlhplmatmn theorem

If there are k number of independent events (A, B, C, .......k) to choose from, so
that the choice or occurrence of any of the events does not affect or alter the probability
of simultaneous or successive random occurrence of any other, the multiplication
theorem then gives the probability of simultaneous or successive occurrences of a
number of those independent events as the product of the respective individual
probabilities of random occurrences of the latter. Thus, the multiplication theorem
states that the probability of combined occurrences, simultaneous or successive, of
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more than one independent event is the product of the probabilities of their individual
occurrences. That way, the combined probability of occurrence of all the & number
of independent events, either at the same time or after each other, would be given by :

P{A. B. C....k) = P(A) x P(B) x P(C) x

For exmple, if rats A, C and D have to be chosen successively at random out
of a total of 15 rats (k = 15), the probability of separate individual choice of each of
the three is given by 1/k which amounts to 1/15 or 0.0667. If the chosen rat is
replaced in the group before the next choice to keep the total number k of the rats
unchanged, the probability of choice of successive rats would remain unaffected to
maintain their independent status as events, In such a case, the combined probability
of successive choices of A, C and D would be given by :

P(A.C.D) = P(A) x P(C) x P(D) = 0.0667 x 0.0667 x 0.0667 = 0.0003.

7.7 Summary

Random experiments may be repeated any number of times, but their precise
outcome is not predictable. A set of possible outcomes of an experiment constitutes
a sample space and each clement in that set is a sample point. Events may consist
of an individual single element as well as the entire sample space. Random events
occur at random under the laws of probability and belong to various types. Mutually
independent events do not affect the probabilities of each other, while mut_ual',l}'
exclusive events prevent the occurrences of each other so that they never occur
together. Either of two equally likely events can precede the other in m::cumng

Probability of an event is its limiting relative frequency when the total frvaq:luv.“:m:},r
of all events under consideration approaches infinity. The probability of occurrence
of any one of several altemative exclusive events out of a total number of events is
given by the addition theorem of probability as the sum of probabilities of individual
occurrences of those alternative events. The multiplication theorem gives the probability
of combined occurrence of a number of mdupcn{!l:nl events as the pmduct of the
pmbablimes of their separate individual occurrences.

7.8 Terminal questions

1. (a) Give a brief account of random experiments, descnbmg their basic
characteristics.

(b) Describe the addition theorem of probability and its application.
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(c) Explain what are sample spaces. Define coitinuous and discrete sample
spaces,

2. (a) Discuss random events and their different types.

(b) Write briefly about independent events and the probability of their
simultaneous or successive occurrences, :

(¢) Describe the probability of random occurrence of any one of a number of
mutually exclusive events with an example. '

3. (a) Give a brief account of the concept of probability,
(b) Discuss the addition and multiplication theorems of probability.

(c) What do you understand by mutually exclusive and mutually independent
events? )

7.9 Answers

1. (a) See Section 7.2.
(b) See Sub-section 7.6.1,
(c) See Section 7.2.
2. (a) See Section 7.3, -
(b) See Section 7.4 and Sub-section 7.6.2,
(c) See Sub-section 7.6.1.
3. (a) See Section 7.5. _
(b) See Sub-sections 7.6.1 and 7.6.2.
(c) See Sections 7.3, 7.4 and 7.6.
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 APPENDIX O

£ sCore |

Area -

& score

Area

Z sCore .

Area

df
o 0.05
a 0.01

df
o 0.05
o 0.01

df
a 0.05
o 0.01

df

o 0.01

df
a 0.05
o 0.01

df :

o 0.05 :
o 0.01 :

a0.05 :

Table 1. Some fractional areas of unit normal corve
from its mean to different z scores.

194 195 1.96 197 198 199 2.00 201 202 2.03 2.04
: 4738 4744 4750 4756 4761 4767 4772 4778 4783 4788 .4793

205 206 2.07 2.08 209 2.10 251 252 2.53 254 2.55
: 4798 4803 4808 4812 4817 4821 .4940 .4941 4943 4945 4946

256 257 2358 259 2.60 296 297 298 299 300 4.00
: 4948 4949 4951 4952 4953 4985 .4985 .4986 4986 .4987 49997

Table 2. Some Two-tail Critical ¢ values,

11 12 1 4 15 16 17 18 19
: 2201 2179 2160 2,45 2131 2.120 2110 2,101 2.093
1 3106 3.055 3.012 2977 2947 2921 2898 2.878 2.861

1 20 21 22 23 24 25 26 27 28
» 2086 2080 2074 2.069 2.064 2.060 2056 2.052 2.048
: 2845 2831 2819 2807 2797 2.787 27719 2.771 2.763

29 30 40 - oo
: 2045 2.042 2021 1.960
: 2756 2750 27704 2576

Table 3. Some Critical chi square values,

1 2 3 4 5 6 7 8 9 10
3.84 599 782 949 11.07 1259 14.07 1551 1692 1831
6.64 921 1134 1328 1509 16.81 1848 20.09 21.67 23.21

Table 4. Some Critical F values,

1,8 1,9 1,10 Li1 L12 1,13 1,14 1,15 1,16 1,17 1,18
:532 512 496 484 475 467 460 454 449 445 441
: 1126 10.56 10.04 965 933 907 886 B68 853 B840 8.28

28 29 210 211 2,02 213 204 215 216 217 2,18
446 426 4.10 398 388 380 374 3.68 363 359 3.55
865 802 756 720 693 670 651 636 623 611 6.01
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Unit 1 O Principles of Assay of DNA, RNA, Western,
Southern, Northern Blotting

Structure

1.1 Introduction

1.2 Southern blotting
1.3 Northern blotting
1.4 Western blotting

11 Iﬁtmductiu_n |

Once a specific DNA sequence has been igolated by cloning, the cloned DNA
can be used as a probe to detect the presence and in some cases amounts, of
complementary nucleic acids in complex mixtures such as total cellular DNA or
RNA. These procedures depend on the exquisite specificity of nucleic acid
hybridization. Related methods are used to locate DNA regions encoding specific
mRNAs and transcription start sites.

L.2Z Southern blotting

1.2.1 Technique of sourthern blotting

The technique of Southern bloting named after its originator Edward Southern,
can identify specific restriction fragmenis in a complex mixture of restriction
fragments. The DNA to be analyzed, such as the total DNA of an organism, is
digested to completion with a restriction enzyme. For an organism with a complex
genome, this digestion may generate millions of specific restriction fragments. The
complex mixture of fragments is subjected to Gel Electrophoresis to separate the
fragments according to sizc.

: Even though all the fragments are not resolved by gel electrophoresis, an

individual fragment that is complementary to a specific DNA clone can be detected.
The restriction fragments present in the gel are denatured with alkali and transferred
onto a nitrocellulose filter or nylon membrane by blotting.

For this purpose, gel is laid on top of a buffer saturated filter paper, placed on .
a solid support (eg., glass plate) with its two edges immersed in the buffer, A sheet
of nitrocellulose membrane is placed on the top of the gel and a stack of many
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papers (paper towels) on to of this membrane, A weight of about 0.5 Kg is placed
on top of the paper towels. The buffer solution is drawn up by filter paper wick, and
passes through the gel to the nitrocellulose membrane and finally to the paper
towels. While passing through the gel, the buffer carries with it single stranded
DNA, which binds on to the nitrocellulose membrane, when the buffer passes through
it to the paper towels. After leaving this arrangement for a few hours or overnight,
paper towels are removed and discarded. The nitrocellulose membrane with single
stranded DNA bands blotted onto it, is baked at 80°C for 2-3 hours to fix the DNA
permanently on the membrane. This procedure preserves the distribution of the
fragments in the gel, creating a replica of the gel on the filter, The filter then is
incubated under hybridization conditions with a specific radio labeled DNA probe
usually generated from a cloned restriction fragment. The DNA restriction fragment
that is complementary to the probe hybridizes, and its location on the filter can be
revealed by autoradiography. '

1.2.2 Significance

* Southern blotling permits a comparison between the restriction map of DNA
isolated directly from an organism and the restriction map of cloned DNA.

% Southern blotting also is used to map restriction sites in genomic DNA. next
to the sequence of a cloned DNA fragment. This provides a rapid methed of
comparing the restriction maps of different individual organisms in the region
surrounding a cloned fragment. = &

* Deletion and insertion mutations are readily detected, as well as sequence
differences in specific restriction sites,

1.2.3 Schematic representation of southern blot

The Southern blot is used to detect the presence of a particular bit of DNA in

a sample, The DNA detected can be a single gene, or it can be part of a larger piece
of DNA such as a viral genome. :

DNA is extracted from the cells and purified
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A. Restrietion digest with restriction endonuciease

DNA is restricted (cut) with enzymes.

B. DNA fragments
In this example, a large piece of DNA is

ENZyme,

chopped into smaller pieces using a restriction ( b\_l’s
*-.4’\‘:)

C. Loading the gel
The DNA is loaded into a well of the gel matrix.

@ Lane ! contains size standards (a mix of known
DNA fragments)

@ Lane 2 conthins the restricted DNA
@ Lane 3 contains unrestricted (whole) DNA

D. Running the gel |

An electric current is passed through the gel and the
DNA moves away from the negative electrode. The
distance moved depends on the size of the DNA fragment.

Standards are used to quantitate the size, Unresiricted,

large DNA runs as a smear due to random shearing
(breaking) of the DNA, The DNA can be visualized by
staining first with a fluorescent dye and then lighting
with UV,
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E. Transfer of the DNA to g membrane

The DNA is first denatured (made single stranded-usually
by raising the pH) and then transferred out of the gel and onto
a membrane, The transfer can be done electrically or by
capillary action with a high salt solution,

E. Development of the hlot

A labelled probe specific for the gene in question is
incubated with the blot. The blot is washed to remove non-
specifically bound probe and then a development step allows
visualization of the DNA that is bound, See Southern Up
Close for a detailed description of this process. In this example
the gene is found in the second largest fragment of the
restricted DNA. In the unrestricted DNA it migrales more
slowly because it is part of a larger molecule,

HEELFTEH

1

DNA Blot on " DNA Separatior by
Membrane Gel Electrophoresis
- 5
1. i
e o L
H‘#ﬁlﬁﬂ [

Fig. 1.1 : Schematic representation of southern bloting
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Fig. 1.2 : Process involved in sourthem blotting

1.2.4 Protocol

This is a brief overview protocol of how a southern blat (more formally called
an DNA blot) is performed and what type of data you can obtain from one.

1) DNA (genomic or other source) is digested with a restriction enzyme and
separated by gel electrophoresis, usually an agarose gel. Because there are so
many different restriction fragments on the gel, it usually appears as a smear
rather than discrete bands. The DNA is denatured into single strands by
incubation with NaOH.

2) The DNA is transferred to a membrane which is a sheet of special hlulﬂnﬁ
paper. The DNA fragements retain the same pattern of separation they had
on the gel,
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3) The blot is incubated with many copies of a probe which is single-stranded
DNA. This probe will form base pairs with its complementary DNA sequence
and bind to form a double-stranded DNA molecule. The probe cannot be
seen but it is either radioactive or has an enzyme bound to it (e.g. alkaline
phosphatase or horseradish peroxidase),

4) The location of the probe is revealed by incubating it with a colorless substrate
that the attached enzyme converts to a colored product that can be seen or
gives off light which will expose X-ray film, If the probe was labeled with
radioactivity, it can expose X-ray film directly.

Below is an example of a real Sonthem blot used to detect the presence of a
gene that was transformed into a mixed cell population. In this Southern blot, it is
easy to determine which cells incorporated the gene and which ones did not,

Fig. 1.3 t The figure on the lelt shows a photograph of & 0.7% agarose gel that has 14 different
samples loaded on it (plus molecular weight marker in the far right lane and a glowing
ruler used for analysis of the results), Each sample of DNA has been digested with the
same restriction enzyme (EcoRl). Notice that the DNA does not appear as & series of
discrete bands but rather s a smear, The DNA was transferred to nitrocellulose and then
probed with a radioactive fragment of DNA that was derived from the transformed gene.
The figure on the aght is a copy of ﬂm X-tay film and r.wnais which straing contain the
target DNA and which ones do not,
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1.3 Northern blotting

1.3.1 Techingue of northern blotting

Initially the technique of Southern blotting used for DNA transfer from gel to
the membrane, could not be used for blot-transfer of RNA, Instead mRNA bands -
from the gel were blot-transferred into a chemically reactive paper, prepared by
diazotization of aminobenzyloxymethyl puper, The technique being related to Southern
blotting was called Northern bloning and is used to detect a particular RNA in a
mixture of RMNAs. A RNA sample, often a total cellular RNA, is denatured by
treatment with an agent (eg., formaldehyde) that prevents hydrogen bonding between
base pairs, ensuring that all the RNA - olecules have an unfolded, linear conformation.
The individual RNAs are then separated according to the size by gel electrophoresis
and transferred to a nitrocellulose filter to which the extended denatured RNAs
adhere. The filter then is exposed to a labeled DNA probe and subjected to
autoradiography, Because the amount of a specific RINA in a sample can be estimated
from a Northern blot, the procedure is widely used to compare the amounts of a
particular mRNA in cells under different conditions.

Suparate RNA on Faas
., FNA an Agarose Gal Trnster or BLOT ANA from
GEL o Nylon Mamiranae
Mambrans with

AMNA bands
n frensherrad o i

Fig. 1.4 Steps involved in northem blotting

Similasly to Soutiiein blotting, the hybridization probes may be DNA or RNs\
in northern blotting. g

A variant of the procedure known as the reverse northern blot was occasionally
(although, infrequently) used, In this procedure, the substrate nucleic acid (that is
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affixed to the membrane) is a collection of isolated DNA fragments, and the probe
is RNA extracted from a tissue and radioactively labelled.

1.3.2 Applications of the northern blot

Northern blots have been superceded in most areas by Real Time PCR and
microarray approaches. It is not often used for clinical or diagnostic purposes.

The northern blot protocol and ‘its variations are used however in mulccula.r
biology research to :

*

* * * % *

*

a gold-standard for the direct study of gene expression at the level of mRNA
(messenger RNA transcripts),

detection of mRNA transcript size,

study RNA degradation.

study RNA splicing-can detect alternatively spliced transcripts,
study RNA. half-life. '

study IRES (internal ribosomal entry site)~to remove possibility of RNA
digestion vs 2nd cistron translation,

often used to confirm and check transgenic / knockout mice (animalg).

1.3.3 Disadvantages of northern blotting
The disadvantages of using northem blotting include

*

Often radioactivity is used, This prevents ease of performing it, use and
disposal. New methods of non-radioactive detection have been generated
allowing non-radioactive detection. See Pierce.

The whole process of northern blotting takes a long time usually, from sample
preparation through to detection.

If RNA samples are even slightly degraded by RNases, the quality of the data
and quantitation of expression is quite negatively affected.

The standard northern blot method is relatively less sensitive than nuclease
protection assays and RT-PCR. The sensitivity of northern blots may be
increased with the use of nylon positively-charged membranes, use of alughly
specific antisense probe,

Detection with multiple probes is a problem. Often, the membranes must be
stripped before hybridization and detection with a second probe. This is a -
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problem as harsh conditions are requiréd to strip off probes from the blot and
is also time consuming. Also, there is a limit to the amount of times a blot
may be stripped.

1.3.4 Advantages of northern blotting

The advantages of northern blots include :

It is a widely accepted and well regarded method

northern hlotﬁng is a straight-forward method

Often it 15 used as a confirmation or check

Often a gold-standard

it is a versatile protocol as it can allow the usage of many i}rpcs of probes (vs

Real time PCR) including: radiolabeled and non-radiolabeled, in vitro
transcribed RNA and even oligonucleotides such as primers.

* Sequences with even partial homology, unlike real time PCR or other methods

can be used as hybridization probes (i.e sequence from different species for
homology analysis, or even genomic fragments can be used),

* % *+ ¥ %

1.4 Western blotting

- The western blot (alternately, immunoblot) is a method to detect a specific

protein in a given sample of tissue homogenate or extract. It uses gel electrophoresis

- to scparate native or denatured proteins by the length of the polypeptide (denaturing

conditions) or by the 3-D structure of the protein (native/ non-denaturing conditions).

The proteins are then transferred to a membrane (typically nitrocellulose or PVDE),

where they are probed (detected) using antibodies specific to the target protein. This

. method is used in the fields of molecular biology, biochemistry, immunogenetics

and other molecular biology disciplines. The method originated from the laboratory

of George Stark at Stanford. The name western blot was given to the technique by
W. Neal Burnette.

1.4.1 Steps in a western blot
A. Tissue preparation

Samples may be taken from whole tissue or from cell culture. In most cases,
- solid tissues are first broken down mechanically using a blender (for larger sample
volumes), using a homogenizer (smaller volumes), or by sonication, Cells may also
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be broken open by one of the above mechanical methods. However, it should be
noted that bacteria, virus or environmental samples can be the source of protein and
thus western blotting is not restricted to cellular studies only. Assorted detergents,
salts, and buffers may be employed to encourage lysis of cells and to solubilize
proteins, Protease and phosphatase inhibitors are often added to prevent the digestion
of the sample by its own enzymes. A combination of biochemical and mechanical
techniques—including various types of filtration and centrifugation—can be used to
separate different cell compartments and organelles. '

B. Gel electrophoresis

The proteins of the sample are separated using gel elecrophoresis. Separation
of proteins may be by isoelectric point (pI), molecular weight, electric charge, or a
combination of these factors. The nature of the separation depends on the treatment
of the sample and the nature of the gel. By far the most common type of gel
electrophoresis employs polyacrylamide gels and buffers loaded with sodium dodecyl
sulfate (SDS). SDS-PAGE (SDS polyacrylamide gel electrophoresis) maintains
polypeptides in a denatured state once they have been treated with strong reducing
agents to-remove secondary and tertiary structure (e.g. S-S disulfide bonds to SH
and SH) and thus allows separation of proteins by their molecular weight. Sampled
proteins become covered in the negatively charged SDS and move to the positively
charged electrode throigh the acrylamide mesh of the gel. Smaller proteins migrate
faster through this mesh and the proteins are thus sepatated according to size (usually
measured in kilo Daltons, kD). The concentration of acrylamide determines the
resolution of the gel-the greater the acrylamide concentration the better the resolution
of lower molecular weight proteins. The lower the acrylamide conceritration the
better the resolution of higher molecular weight proteins, Proteins travel only in one
dimension along the gel for most blots, Samples are loaded into wells in the gel.
One lane is usually reserved for a marker or ladder, a commercially available mixture
of proteins having defined molecular weights, typically stained 5o as to form visible,
coloured bands. It is also possible to use a two-dimensional (2-D) gel which spreads
the proteins from a single sample out in two dimensions. Proteins are separated
according to isoelectric point (pH at which they have neutral net charge) in the first
dimension, and according to their molecular weight in the second dimension.

C. Transfer
In order to make the proteins accessible to antibody detection, they are moved
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from within the gel onto a membrane made of nitrocellulose or PVDF. The membrane
is placed on top of the gel, and a stack of tissue papers placed on top of that. The
entire stack is placed in a buffer solution which moves up the paper by capillary
action, bringing the proteins with it, Another method for transferring the proteins is
called electroblotting and uses an electric current to pull proteins from the gel into
the PVDF or nitrocellulose mémbrane. The proteins move from within the gel onto
the membrane while maintaining the otganization they had within the gel. As a
result of this “blotling” process, the proteins are exposed on a thin surface layer for
detection. Both varieties of membrane are chosen for their non-specific protein
binding properties (i.. binds all proteins equally well). Protein binding is based
upon hydrophobic interactions, as well as charged interactions between the membrane
and protein. Nitrocellulose membranes are cheaper than PVDF, but are far more
fragile and do not stand up well to repeated probings.The uniformity and overall
effectiveness of transfer of protein from the gel to the membrane can be checked by
staining the membrane with Coomiassie or Ponceau § dyes. Coomassie is the more
sensitive of the two, although Ponceau S's water solubility makes it easier to destain
and probe the membrane as described br,luw

D, Blotiing

Since the membrane has been chosen fﬂl‘ its ability to bind protein, and both
antibodies and the target are proteins, steps must be taken to prevent interactions
between the membrane and the antibody used for detection of the target protein.
Blocking of non-specific binding is achieved by placing the membrane in a dilute
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solution of protein - typically Bovine serum albumin (BSA) with a minute percentage
of detergent such as Tween 20. The protein in the dilute solution attaches to the
membrane in all places where the target proteins have not attached., Thus, when the
antibody is added, there is no room on the mémbrane for it to attach other than on
the binding sites- of the specific target protein. This reduces “noise” in the final
product of the Western blot, leading to clearer results, and eliminates false positives,
E. Detection

During the detection process the membrane is “probed” for the protein of interest
with a modified antibody which is linked to a reporter enzyme, which when exposed -
to an appropriate substrate drives a colourimetric reaction and produces a eolour,
For a variety of reasons, this traditionally takes place in a two-step process, although
there are now one-step detection methods available for certain applications,

* Primary antibody—Antibodies are generated when a host species or immune
cell culture is exposed to the protein of interest (or a part thereof). Normally,
this is part of the immune response, whereas here they are harvested and used
as sensitive and specific detection tools that bind the protein directly. After
blocking, a dilute solution of primary antibody (generally between 0.5 and 5
micrograms/ml) is incubated with the membrane under gentle agitation,
Typically, the solution is comprised of buffered saline solution with a small
percentage of detergent, and sometimes with powdered milk or BSA. The
antibody solution and the membrane can be sealed and incubated together for
anywhere from 30 minutes to overnight. It can also be incubated at different
temperatures, with warmer temperatures being associated with more binding,
both specific (to the target protein, the “signal”) and non-specific (“noise”).

# Secondary antibody—After rinsing the membrane to remove unbound primary
antibody, the membrane is exposed to another antibody, directed at a species-
specific portion of the primary antibody. This is known as a secondary antibody,
and due to its targeting properties, tends to be referred to as “anti-mouse,”
“anti-goat,” etc, Antibodies come from animal sources (or animal sourced
hybridoma cultures); an anti-mouse secondary will bind to just about any
mouse-sourced primary antibody. This allows some cost savings by allowing
an entirelab to share a single source of mass-produced antibody, and provides
far more consistent results, The secondary antibody is usually linked to biotin
or to a reporter enzyme such as alkaline phosphatase or horseradish peroxidase.
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This means that several secondary antibodies will bind to one primary antibody
and enhances the signal,

Most commonly, a horseradish peroxidase-linked secondary is used in
conjunction with a chemiluminescent agent, and the reaction product produces
luminescence in proportion to the amount of protein. A sensitive sheet of photographic
film is placed against the membrane, and exposure to the light from the reaction
creates an image of the antibodies bound to the blot,
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Fig. 1.7 : Schematic representation of westem blot

F. Analysis

After the unbound probes are washed away, the westemn blot is ready for deicction
of the probes that are labeled and bound to the protein of interest. In practical terms,
not all westerns reveal protein only at one band in a membrane, Size approximations
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are taken by comparing the stained bands to that of the marker or ladder loaded
during electrophoresis, The process is repeated for a structural protein, such as actin
or tubulin, that should not change between samples. The amount of target protein
is indexed to the structural protein to control between groups. This practice ensures
correction for the amount of total protein on the membrane in case of errors or
incomplete transfers. '

1.4.2 Colorimetric detection

The colorimetric detection method depends on incubation of the western blot
with a substrate that reacts with the reporter enzyme (such as peroxidase) that is
bound to the secondary antibody. This converts the soluble dye into an insoluble
form of a different color that precipitates next to the enzyme and thereby stains the
membrane. Development of the blot is then stopped by washing away the soluble
dye. Protein levels are evaluated through densitometry (how intense the stain is) or
spectrophotomelry,

Medical dingnostic applicafions

@ The confirmatory HIV test employs a westem blot to detect anti-HIV antibody
in 2 human serum sample. Proteins from known HIV-infected cells are
separated and blotted on a membrane as above. Then, the serum to be tested
is applied in the primary antibody incubation step; free antibody is washed
away, and a secondary anti-human antibody linked to an enzyme signal is
added. The stained bands then indigate the proteins to which the patient’s
‘serum contains antibody.

Euhslrale Belactbls

pm

fubsirata Datectable Enzyme

R

Fig. 1.8 ¢ In the direct detection method, Iabeled primary antibody binds to antigen on the membrane
and reacts with substrate,creating a detectable signal. B, In the indirect detection method,;
unlabeled primary antibody binds 1o the antigen. Then, = labeled secondary antibody -
binds to the primary antibody and reacts with the substrate, ' :
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« ® A western blot is also used as the definitive test for Bovine spongiform
encephalopathy (BSE, commonly referred to as ‘mad cow disease’),
® Some forms of Lyme disease testing employ western blotting,
Table 1. Comparison of direct and indirect detection methods

Advantages

 Disadvantages '

Advantages

Disadvantages

Divect detection

Quick methodology since only one antibody is used.
Cross-reactivity of secondary antibody is eliminated.
Double staining is easily achieved using different labels
on primary antibodies from the same host.
Immunoreactivity of the primary antibody may be
reduced ag a result of labeling,
Labeling of every primary antibody is time consuming
and expensive, : :
No flexibility in choice of primsry antibody label from
one experiment to another, ' '
Little signal amplification,

_ Indirect method _
Sensitivity is increased because each primary antibody
contains several epitopes that can be bound by the labeled
se.é:undmjr antibody, allowing for signal amplification.
A wide variety of labeled secondary antibodies are
available commercially,
Since many primary antibodies can be made in one
species and the same labeled secondary antibody can be
used for detection, it is versatile.
Immunoreactivity of the primary antibody is ot affected
by labeling.
Different visualization markers can be used with the same
primary antibody. _
Cross-reactivity may occur with the secondary antibody,
resulting in nonspecific staining.
An extra incubation step is required in the procedure,
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Unit 2 O Spectruphﬁtumeﬁy, Colorimetry,
Radioactivity, NMR & Raman Spectroscopy

Strocture

2.1 Spectrophotometry and Colorimetry
2.2 lsotopes and radioactivity

2.3 NMR Spectroscopy

24 Raman Spectroscopy

2.5 References

2.1 Spectrophotometry and Colorimetry

2.1.1 Introduction

The interaction of electromagnetic radiation with matter is essentially a quantum
phenomenon and dependent upon bath the properties of radiation and the appropriate
structural parts of the material involved. An understanding of the"f:lmperties of
electromagnetic radiation and its interaction with matter leads to a recognition of
variety of types of spectra and consequently spectroscopic techniques and their
application to the solution of biological problems,

Absorption spectrophotometry in the ultraviolet and visible region is considered
to be one of the oldest physical methods used for quantitative analysis arid structural
elucidation. It shiould be kept in mind that IR and NMR techniques are mainly used
for structural elucidation and qualitative analysis. On the other hand, UV-visible
spectrophotometry is mainly used for quantitative analysis and serves as a useful
auxiliary tool for structural elucidation.

Spectrophotometry is mainly concerned with the following regions of spectrum,
ultraviolet, 200-400 nm; visible 400-800 nm. Colorimetry is concerned with the
visible region of spectrum.

The instruments in use of for measuring the emission or absorption of radiant
energy from substances are called by various mames, such as photometers,
colorimeters, spectrophotometers ete, :

Photometer : This is an instrument, which measures the ratio, or some function
of the two, of radiant power of two electromagnetic beams. This is an instrument
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employing a filter to isolate a narrow wavelength region and a photocell or phototube
to measure the intensity of radiation,

Specirophotometer : This instrument measures the ratio, or a function of two,
of the radiant power of two electromagnetic beams over a large wavelength region.
In this instrument a monochromator is used instead of a filter, Spectrophotometer
employs most sengitive detectors like phototube or photo-multipliers,

Colorimeter ; Any instrument used for measuring absorption in the visible
region is generally known as a colorimeter. In fact, some commercial filter
photometers are called colorimeters.

Z.1.2 Basic theory of spectrophofometry and colorimetry

When light is incident upon homogeneous medium a part of the incident Light
is reflected, a part is absorbed by the mediom and the rest is allowed to transmit as
such. If I, 1, I, and Ir denote the incident, absorbed, transmitted and reflectéd light
respectively, then : I = I, + I + I. The value of I is very small and can be
eliminated for air-glass interfaces. Under this condition one can write 1 [ =1 4 L,

The laws governing absorption are generally known as Beer's law and Lambert's
law. The Beer-Lambert law is a combination of the above laws, each dealing separately
with the absorption of light, related to the concentration of the absorber (the substance
responsible for absorbing the light) and the pathway or thickness of the layer (related
to the absolute amount of absorber).

Lambert's law : “When a beam of light is allowed to pass through a transparent
medium, the rate of decrease of intensity with the thickness of medium is d:recﬂy
pmparrm;mf to the intensity af light."

Mathematically one can write ~[dU/di}ed ; or ~[dVdl) = Ki......[1]

Where I = intensity of incident light of wavelength A. | = thickness of the medium
and k = proportionality constant.
On integration of the above equation we get, In[l /1] = kl

or logfl /1] = [k/2.303]t = Kl.....[2].
Where I, = Intensity of incident radiation (at 1 = 0); I, = Intensity of transimitied
radiation (I = 1), K = absorption coefficient,

Beer’s law : This law states that the amount of light absorbed by a material is

proportional to the number of absorbing nmfccule.t, i.e, concentration of the absarbiug
solution.
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This can be mathematically expressed in the form of an equation similar to the

one above. log[I /L}=[k/2.303]c.......... {3]. Where k’ = constant. C = concentration
of the absorbing material,

Combining the equations [2] and [3] we get, log[1 /1] = ecl.....[4]. Here K and
k’ merge to become a single constant. Equation 4 is the mathematical repreésentation
- of Lambert-Beer's law. This combined law states that, the amount of light absorbed
(absorbance) is proportional to the concentration of the absorbing substance and
1o the thickness of the absorbing materai (path-lengih).

The term log[I /L] is known as absorbance (A) or optical density (Q.D.). € is
known as molar absorption coefficient or -molar-absorptivity or molar extinction
coefficient. The term L/I_ is known as transmittance,

'So the final conventional form of Lambert-Beer's law is A ='gch..... [5]

If c is expressed in mol lit! and 1 in cm then the unit of ¢ is lit. mol! em™. It
should be remembered that the value of & substance depends on the wavelength of
light used and on the medium in which the light absorbing species is present.

Note that the relationship between absorbance and concentration is linear. As
concentration increase the absorbance also increases. This relationship allows one
to convert an absorbance value into a concentration.

2.1.3 Instrumentation of a spectrophotometer

A spectrophotometer is an instrument designed to detect the amount of radiant
light energy absorbed by molecules, To do this, the instrument must have five basic
components : a light source; a prsm or diffraction grating; an-aperture or slit; a
detector (a photoelectric tube); and a digital meter to display the output of the
phototube, The arrangement of these parts is shown below.

When light is reflected from a diffraction grating, it is split into its component
colors or wavelengths, which then diverge. Sections of Lhe projected spectrum can be
cither blocked or ailowed to pass through the slit so that only one wavelength will pass
to the other sections of the spectrophotometer (The position of the grating is adjustable
so that the region of the spectrum projected on the slit can be changed). Light that
passes through the slit travels to the phototube, where it creates an electric current
proportional to the number of photons striking the phototube. If a digital meter is
attached to thé phoiotube, the electric current output can be measured and recorded.
The scale is usually calibrated in two ways: percent transmittance; which runs on a
scale from 0 to 100; and absorbance, or optical density units, which runs from 0 to 2.
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Fig, 2.1 Amangement of different pans of a spectropholometer

Before the light-absorbing properties of a solution can be measured, two
adjustments on the spectrophotometer are necessary. First, the diffraction grating
must be adjusted so that the desired wavelength of light passes through the slit, This
is usually the wavelength® of light that is most absorbed by the compound under
consideration. Secondly, the output of the phototube must be adjusted or calibrated
to correct the drift in the electronic circuits and dirt or contaminating the material
in the light path between the source and the detector.

A modem version of a spectrophotometer (double beam) works as follows. The
instrument is a simple device, with A and B being bulbs (A is a deuterium bulb, for
UV range radiation, and B is a tungsten bulb for the visible range). When a device
scans a range of frequencies it simply uses one bulb for visible, then switches to the
other bulb for the UV. The beam is focused onto a mirror (C) that sends a beam
through a slit (D) to make the beam narrow. The beam then hits the diffraction
grating (E). This grating is a simple block that sends off different frequencies of
light at different angles (like a prism). The required wavelength of radiation is
sharpened through another slit (F), and then past through a filter (G) which removes
any wide angle diffractive radiation. The beam is then bounced off of a miror
through a chopper mirror (H). This splits the beam equally between the blank
(“reference”) cell (1) and the sample cell (7). The collected beam is focussed through
a lens (K) and collected at detectors (photomultiplier tubes or PMT, one for each
beam, L). The information is computed at the workstation M and the spectrum is
formulated.
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A single beam device works much the same way, with slits, mirrors and
diffraction gratings just as a double bearn device does, but does not have a chopper
mirror or 4wo cell slots. In this case, the reference (blank) spectrum for the solvent
is taken separately before the sample. The workstation stores the reference spectrum,
and then deducts it from the sample spectrum when the sample spectrum is taken,
to give the sample UV-Vis spectrum. '

Because all solutions of chemical compounds absorb light of Spﬂ{:iflr:
wavelengths, spectrophotometry can be useful in identifying compounds, Furthermore,
because the amount of light absorbed is proportional to the concentration of a
compound, spectrophotometry is also useful in determining concentrations.

2.1.4 Applications of UV spectrophotometry
Photometry being a very versatile technique, has diverse applications, UV-Vig
spectroscopy may be used to identify classes of compounds in both the pure and in

biological preparations. From the characteristics absorption spectra of the specific
class of compounds it is possible to identify the substances in biological milieu,

In biological studies; Molecular biologists routinely work with DNA, RNA, and
proteins and have devised some simple, fast spectrophotometric assays for these
molecules. The purpose of this exercise is to use the UV absorbance of biological
samples to obtain qualitative and' quantitative information about those samples.
2.1.5 The UV absorbance spectra of nucleic acids and proteins

Most biological molecules do not intrinsically absorb light in the visible range,
but they do absorb ultraviolet light. Biologists take advantage of UV absorbance fo
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quickly estimate the concentration and purity of DNA, RNA, and proteins in a
sample. It is also possible to quantify the amount of DNA in a sample by looking.
at its absorbance at a wavelength of 260nm or 280nm (in the UV region), The UV
method described in this chapter is not highly accurate but it is very widely used

since it is easy, quick, and little DNA is required. '

Proteins have two absorbance peaks in the UV region, one between 215-230
nm, where peptide bonds absorb, and another at about 280 nm due to light absorption
by aromatic amino acids (tyrosine, tryptophan and phenylalanine), Certain of the
subunits of nucleic acids (purines) have an absorbance maximum slightly below 260
nm while others (pyrimidines) have a maximum slightly above 260 nm. Thercfore,
although it is common to say that the absorbance peak of nucleic acids is 260 nm,
in reality, the absorbance maxima of different fragments of DNA vary somewhat
depending on their subunit composition,

Concentration measurements of nucleic acids and proteins in a sample

It is possible to determine the concentration of nucleic acids or proteing based
on their absorbance at a wavelength of 260 nm or 280 nm respectively, A calibration
curve using standards of known concentration can be constructed., For accurate -
results, the standard curve should be prepared using the protein of interest or DNA
that is similar to that in the sample being measured, The linear range for DNA
values is reported to be from about 5-50 pg/mL. Depending on the protein, UV
analysis of proteins at 280 nm has a linear range from about 0.1-5 mg/mL.

Biologists commonly use a “short-cut” to roughly estimate the concentration of
nucleic acid or protein in a sample based on the sample’s absorbance at 260 or. 280
nm. This short-cut method uses absorptivity constants. Recall that given an
absorptivity constant, it is possible to by-pass the preparation of a standard curve
by applying Beer's Law.

The absorptivity constant for a particular protein at 280 nm depends on its
composition, Proteins that contain a higher pescentage of aromatic amino acids have
higher absorptivities at 280 nm than those with fewer. The absorptivity constant for
. anucleic acid depends on its base composition and on whether it is single-stranded
or double-stranded, Despite the fact that different proteins and nucleic acid fragments
vary in their absorptivity, analysts commonly use “average” absorptivity constants
to estimate the concentration of nucleic acid or protein in a sample.
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Estimation of the purity of a nucleic acid preparation

It is possible to use UV spectrophotometry fo estimate the purity of a solution
of mucleic acids. This method involves measuring the absorbance of the solution at
two wavelengths, usually 260 nm and 280 nm, and calculating the ratio of the two
absorbances :

% An A, /Aq ratio of 2.0 is characteristic of pure RNA.
% An A /A, of 1.8 is characteristic of pure DNA.,
% AggfAyg ratio of about 0.6 is characteristic of pure protein
Therefore, a ratio of 1.8 - 2.0 is desired when purifying nucleic acids, A ratio

less than 1.7 means there is probably a contaminant in the solution, typically either
protein or phenol. '

Binding of small molecules to proteins

" Whenever a substraté binds to a protein, if affects the polarity of the region or
malkes certain amino acids residues, hitherto accessible, unavailable. In doing so, it

might quite- frequently cause some spectral changes which may be measured. If

 these spectral changes are compared to the results obtained with other studies such

as spectrophotometric titration, quite a bit of information about the structure of the
active site might be obtained.

Binding of small molecules to nucleic acids

When a small molecule having chromophoric site bind to nucleic acid (by
external stacking or intercalation of through groove of nucleic acids) the UV-Vis
spectrum of the molecule pets perturbed. From the spectral change and absorbance
values at a particular characteristic wavelength of the small molecule, different
binding parameters like association constant, size of binding sites can be calculated,

Other than above applications, spectrophotmetry can be in enzyme assay,

molecular weight determination, kinetics of a reaction, thermal stability studies of
nucleic acids, proteins efc.

2.2 Isotopes and radioactivity

2.2.1 Tsotopes

Elements are defined by the number of protons, positively charged subatomic
particles, in an atom’s nucleus. The number of protons in an atom's nucleus is
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termed its atomic number. Isotopes of a given element carry different numbers of
neutrons, or neutrally charged particles, in their nuclei, The sum of the number of
neutrons aid protons in an atom's nucleaus defines jts approximate atemic weight,
For example, all carbon atoms have six protons; isotopes of carbon can have o, 7,
or 8 neutrons.

2.2.2 Radioactivity

Radioactive isotopes (also called radioisotapes) have unstable nuclej, These
isotopes disintegrate to form atoms with stable nuclej by the release of subatomic
particles and gamma rays (akin to X-rays). The radioactive elements are referred to
as parents atoms; the atoms they disintegrate to form are called daughter products,

Some isotopes release an alpha particle during nuclear disintegration: an alpha
particle consists of two protons and two neutrons (c:juivalcnt to the nucleus of an
atom of helium). Others release a beta particle, which is an electron, or negatively
charged nuclear particle, Beta particles originate in the nucleus, presumably by
breakdown of a neutron into its proton-glectron components, Gamma rays are released
during both types of radioactive decay,

When an isotope emits an alpha particle, the resultant daughter praduct has an
atomic number two units less than its parent’s atomic number, and an atomic weight
four units less than its parent's atomic weight. When an isolope emits a beta particle,
it decays to a daughter with an atomic number one unit greater and an cssentially
unchanged atomic weight,

Some isotopes decay and immediately produce a stable daughter product. For
example, one-siep decays to stable daughters are completed by the radiogenic isotopes
MC (decaying to "N by the beta process), and *Rb (decaying to %"Sr by the beta
process). Others decay and produce unstable daughters, which then become the
parent products of their own daughters, Unstable isotopes producing unstable
daughters form a radioactive decay chain. For example, the 25U decay chain
eventually produces 27Pb, a stable daughter,

Using empirical data, it is possible to statistically forecast what percentage of
a radioisotope's population wiil decay over a given period of time, This has enabled
workets to define a half-life for each radioisotope, the period required for one-half
of the original parent population to decay to its stable daughter product. Each
raﬁioisulﬂpc has its own characteristic half-life.
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Suppose that at its inception, a sample contains 100 units of a parent radioisotope,
Alter one half-life has passed, there will remain 50 units of thé parent isotope, and
50 units of the daughter product will have been produced. After another half-life,
25 units of the parent isotope will remain, and 75 units of the daughter product will
have been produced. After another half-life, 12,5 units of the parent isotope will
remain, and 87.5 units of the daughter product will have been produced. Through
time, the number of parents constantly decreases while the number of daughters
constantly increases. Theoretically, although the number of parents will become

insignificantly small, there should never come a time when all of the parent population
has decayed to daughters.

Knowing the value of a specific isotope's half-life, it is possible to determine
the age of a geologic or archaeologic sample by evaluating the amount of parent and
daughter isotopes in it. For example, given the half-life of U-235 is 7 x 10® y,
suppose you have a rock sample containing minerals having 1 unit of ?**U and 3
units of *’Pb. The sample must have originally contained 4 units of parent material,
and 25% of the parent material (U-235) remains. Examination of the curve above
shows that time equivalent to two half-lives have passed, or approximately 1.4
billion years,
2.2.2.1 Exponential decay law

The transition of a nucleus from one state to another is characterised by a -
“lifetime”. This does not imply that each nucleus will “live" for that time (or
approximately that time). It was shown very early on that decay is a random process:
this gives rise to an exponential decay law.

The decay of (a particular state of) a nucleus is determined by one number, the
decay constant A. (We will see how this relates to a lifetime), The study of nuclear
transition mechanisms leads to an understanding of the decay constant. In this
section we will examine the consequences of this random process.

Experience has shown that decay is a random process. The probability of a
nucleus decaying in a time interval di is'Adt. The probability is thus independent of
time, it is independent of the age of a particular nucleus and is the same for all
nuclei in the same state (i.e, decay is a Poisson process). As a result of this, we
cannot predict when a particular nucleus will decay, we can only make predictions
about ensembles.
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Suppose that we have N(r) nuclei in a particular state at time ¢. Then in a time
interval dt a number N(1)Adr will decay, so dN(1) = —-AN{t)d1,
~ Integrating this gives : N(r) = N(0).exp(-As) : the famous exponential decay law,
A characteristic of this equation is that in a fixed time interval T, a fixed fraction
exp(—-At) will decay. Thus we cannot talk of a lifetime of a nucleus, but only of what
~ fraction will decay in a certain interval, This leads us to single out.a particular time
interval as intéresting: we define the half-life as that time interval in which haif of
an initial sample will decay. From the equation N(T;,) = N(0)/2 we thus obtain,
Typ = N2/ = 0.693/). '

It is also useful to define a mean Ilfe T in the usual statistical way :

T_L_'—— 1+44Tu2

The definition of the half-hfe sugpests a way in which the decay constant can
be measured, However, determination of small amounts of rare heavy nuclides is a
difficult process. A way o.t is obtained by looking rather at the rate of decay. We
‘define the activity A(t) = AN(1). Thus for the case of exponential decay, Af#) = AN(1)
= —dN(t)/dt

From the exponential radioactive decay law we ﬂbta;m A) = A0)exp(=\s)
Note that activity represents the number of decays per unit time interval. This is not
necessarily equal to (minus) the rate of change of the number of atoms present—
this is only true in the case of a single decay as above.

Thus we can determine the decay constant by measuring the rate of decay, i.e.

by measuring the number of decays (“‘counts per mnnd“} in a certain time interval
as a function of time.

These relationships can be used to determine the age of a geologic or archaeologic
sample. Results of such studies are most effeective if enough time has passed to let
a substantial amount of the daughter product grow (perhaps 10%), and are of limited
use if morethan six half-lives have passed (because not enough of the parent material
remains to study). Dating of archaeological samples is commonly conducted using
C-14, which has a half-life. of 5730 y. Dating of geologic samples is most often
accomplished using K-40 (with a K-Ar half-life of 1.3 x 10° y), Rb-87 (with a half-
life of 4.9 x 10'° y), U-235 (with a half-life uf 7.0 x 10% y), and U-238 (with a half-
life of 4.5 x 10° y).
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Interpretation of data must take into consideration several factors that can yield
inaccurate results. For example, metamorphic processes can “reset” radiometric
clocks. If daughter products are noble gases - for example, Ar or Rn- loss of the
danghter product can occur as the gases diffuse from minerals.

In other instances, a mineral can be created with a substantial amount of a
daughter product already incorporated. For example, “°K is commonly used to
determine radiometric ages, About 90% of all **K undergoes a beta decay to produce
a daughter of *Ca; K can also undergo a process called electron capture to
produce a daughter of “’Ar. (In electron capture, a proton is transformed to a neutron,)
Radiometric dating techniques focus on the **K-*Ar system because Ca is a common
constituent in many rock-forming minerals, and it is not possible to distinguish the
Ca that was derived from decay of “K from the Ca that was originally in the
sample.

2.2.2.2 Units of radioactivity

The unit of activity is the bequerel (Bq), defined by 1 Bq = 1 decay per second.
or curie (Ci), where 1 Ci = 3.7 x 10'° decays per second. '

2.2.2.3 Application of radioisotopes in biology

Radioisotopes are widely used in biological sciences. However, a brief description
is given here.

1. Metabolic studies : Radioistopes have been used almost in each phase
metabolic pathways : amino-acid metabolism, photosynthesis, TCA cycle,
protein biosynthsis, steroid metabolism efc. By the use of proper radio-isotope,
isolation and identification of metabolites have been possible. Radioisotopes
provides a good method of ascertaining turnover times for a particular

~compound. Using proper isotopes it has been shown that liver protein is
- turned over in 7-14 days, while collagen is turned over at a rate less than 10%
pEr annum,

2. Phar:zacological and clinical applications : Another ‘field where the
radioisotopes are widely used is in the drug development. Radioisotopes are
widely used for diagnostic tests. The isotopes which are commonly used are
1311, 108An, 32p, 33Xe, #Tc, *ICr erc, *'Cr is used for determination of blood
volume; "**Xe is used for lung function test. Kidney function test using ['*I]
iodohippuric acid are used in diagnoses of kidney infection, kidney blockage,
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or imbalance of function between two kidneys, Radioisotopes are very useful
in reating cancer. ®Co has been to regress many tumors. Yittrium-90 has

been used for cancer therapy. *®Pu is used very successfully to operate a
pacemaker.

3. Radisimmunaassay : One of the most significant advances in biochemical
techniques in recent years has been the development of radioimmunoassay.
The radioimmunological determination of hormones or other biologically

important substances that occur in very low concentrations is a very important
aspect of radioisotope use. '

4. Ecological studies : Radioisotopes are also used in ecology. Mignitur;.r patterns
and behavidur patterns of many animals can be monitored by using
radioisotopes. Another ecological application is in the examination of food

chains where the primary producers can be made radioactive and the path of
radioactivity followed throughout the resulting food chain,

5. Application in food technology : ®Co or '*Ce are used as strong y-emitter
in food industry for the sterilization of foods like milk, meat ere.

2.2.2.4 Shielding of radiation

To decrease dosease, precautions are taken to limit a worker’s exposure in
nuclear waste areas, Radiation in the form of alpha particles cannot pass through
material merely as thick as a piece of paper. Beta particles cannot pass through
metal. Gamma rays can be halted by lead shielding. Sp it is possible to wear
protective clothing and to use respirators to-limit exposure to radiation. As per
international norms, the permissible occupational dose is 5 rems a year, The exposure
any workers receive is monitored carefully and evaluated at regular periods.

2,3 NMR Spectroscopy

2.3.1 Introduction :

Nuclear Magnetic Resonance spectroscopy is a very important and powerful
tool for the chemist for the determination of molecular structure and it is theureﬁ;:ally
complex analytical tool. In this part the basic theory behind the technique is to be
discussed. It is important to remember that, NMR deals with the experiments on the
nuclei of atoms, not the electrons; The chemical environment of specific. nuclei is
deduced from information obtained about the nuclei.
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2.3.2 Theory

Nuclear spin and the splitting of energy levels In a magnetic field

The particles like electrons, protons and neutrons, can be imagined as spinning
on their axes, In many atorns (such as '2C) these spins are paired against each other,
such that the nucleus of the atom has no overall spin, However, in some atoms (such
as 'H and '°C) the nucleus does possess an overall spin, The rules for determining
the net spin of a nucleus are as follows;

1. If the number of neutrons and the number of protons are both even, then the
nucleus has NO spin,

2. If the number of neutrons plus the number of protons is odd, then the
nucleus has a half-integer spin (i.e. 1/2, 3/2, 5/2)

3. If the number of neutrons and the number of protons are both .udd. then the
nucleus has an integer spin (i.e. 1, 2, 3) '

The overal] spin, /, is insportant, Quantum mechanics tells that a nucleus of spin
I will have 21+ | possible orientations. A nucleus with spin 1/2 will have 2 possible
orientations. In the absence of an external magnetic field, these orientations are of
equal energy. If a magnetic field is applied, then the encrgy levels split. Each level
is given a magnetic quantum number, m. '

Applled
T No field agnellc flald 1

e e - =

; g

Energy
o

Fig. 2.2. Energy levels for a nucleus with spin quantum number 1/2

When the nucleus is in a magnetic field, the initial pupulatiﬁns of the energy
levels are determined by thermodynamics, as described by the Boltzmann distribution,
This is very important, and it means that the lower energy level will contain slightly
more nuclei than the higher level. It is possible to excite these nuclei into the higher
level with electromagnetic radiation. The frequency of radiation needed is determined
by the difference in energy between the energy levels.
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Calculating transition energy

The nucleus has a positive charge and is spin'ning. This generates a small
magnetic field. The nucleus therefore possesses a magnetic moment, which is
proportional to its spin, I.

_Yih
Ko

. The constant ¥, is called the magner&gyric ratio and is a.fundamental nuclear
constant which has a different value for every nucleus, 4 is Plancks constant,

The energy of a particular energy level is given by;
=1
% 2

Where B is the strength of the magnetic field at the nucleus,

The difference in energy between levels (the transition energy) can be found
from "

_yhB
aE = 2

This means that if the magnetic field, B, is increased, so is AE, It also means

that if a nucleus has a relatively large magnelogyric ratio, then AE is correspondingly
large. -

The absorption of radiation by a nucleus Applied magnetic field

in a magnetic field #

In this part, “classical” view of the L PRt A
behaviour ‘of the nucleus—that ig, the Freif::;inna 4 :
behaviour of a charged particle in a magnetic een

field is to be considered. Here, a nucleus (of
spin 1/2) is considered in a magnetic field.
This nucleus is in the lower energy level (i.e.
its magnetic moment does not oppose the
applied field). The nucleus is spinning on its
axis. In the presence of a mugnetic field, this
axis of rotation will precess around the e
magnetic field. The frequency of precession

Spinning
nucleus

-
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is termed the Larmor frequency, which is identical to the transition frequency.
The potential energy of the precessing nucleus is given by;

£ = — B cosd where 8 is the angle between the direction of the applied field
and the axis of nuclear rotation. '

" If energy is absorbed by the nucleus, then the angle of precession, 0, will change.
For a nucleus of spin %2, absorption of radiation “flips" the magnetic moment so that
it opposes the _appﬁed field (the higher energy state). .

It is important to realise that only a small

proportion of “target” puclei are in the lower i ; H
energy state (and can absorb radiation). There L
is the possibility that by exciting these nuclei, '
the populations of the higher and lower energy
levels will become equal. If this occurs, then
there will be no further absorption of radiation.
The spin system is saturated. The possibility
of saturation means that we must be aware of B e
the relaxation processes which return nuclei

to the lower energy state.

Relaxation processes '

How do nuclei in the higher energy state retum to the lower state (relaxation
process)? -

There are two major relaxation processes;

® Spin - lattice (longitudinal) relaxation

@ Spin - spin (transverse) relaxation
A. Spin - lattice relaxation

Nuclei in an NMR experiment are in a sample. The sample in which the nuclei
are held is called the lattice. Nuclei in the lattice are in vibrational and rotational
motion, which creates a complex magnetic field. The magnetic field caused by
motion of nuclei within the lattice is called the lattice field. This lattice field has
many components. Some of these components will be equal in frequency and phase

to the Larmor frequency of the nuclei of interest. These components of the lattice
field can interact with nuclei in the higher energy state, and cause them to loose
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energy (returning to the lower state). The energy that a nucleug losses increases the
amount of vibration and rotation within the lattice (resulting in a tiny rise in the
temperature of the sample),

The relaxation time, T} (the average lifetime of nuclei in the higher energy state)
is dependant on the magnetogyric ratio of the nucleus and the mobility of the lattice.
As mobility increases, the vibrational and rotational frequencies increase, making it
more likely for a component of the lattice field to be able to interact with excited
nuclei. However, at extremely high mobilities, the prabability of a component of the
lattice field being able to interact with excited nuclei decreases.

B. Spin - spin relaxation

Spin ~ spin relaxation describes the interaction between neighbouring nuclei
“with identical precessional frequencies but differing magnetic quantum states, In
this situation, the nuclei can exchange quantum states; a nucleus in the lower energy
level will be excited, while the excited nuclens relaxes to the lower energy state,
There is no net change in the populations of the energy states, but the average
lifetime of a nucleus in the excited state will decrease, This can result in line-
broadening,

Chemical shift

The magnetic field at the nucleus is not equal to the applied magnetic field;
electrons around the nucleus shield it from the applied field. The difference between
the applied magretic field and the field at the nucleus is termed the ruclear shielding.

Consider the s-electrons in a molecule, A
They have spherical symmetry and circulate
in the applied field, producing a magnetic
field which opposes the applied field. This B
means that the applied field strength must be
increased for the nucleus to absorb at its
transition frequency. This upfield shift is also

; : ; Magnetic field produced
termed diamagnetic shift. by circulaling electron

Electrons in p-orbitals have no spherical symmetry. They produce comparatively
large magnetic fields at the nucleus, ‘which give a low field shift. This “deshielding”
is termed paramagnetic shift,
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Chemically different hydrogens in an organic molecule do not expericnce the
same magnetic field. Electrons shield the nucleus thereby reducing the effective
magnetic field and requiring energy of a lower frequency to cause resonance. On the
other hand, when electrons are withdrawn from a nucleus, the nucleus is deshielded
and feels a stronger magnetic field requiring more energy (higher frequency) to
cause resonance. Thus, NMR can provide information about a hydrogen’s electronic
environment, Generally, hydrogens bound to carbons attached to electron withdrawing
groups tend to resonate at higher frequencies (more downfield (to the left) from
TMS, tetramethylsilane, a common NMR standard), The position of where a particular
hydrogen atom resonates relative to TMS is called its chemical shift, Leaming
where typical hydrogens resonate requires experience and study, but learning some
common chemical shifts will provide you with a tremendous advaniage at solving
structural problems using NMR,

Spin — spin coupling
Consider the structure of ethanol ;

Melhylene

b

Methyl

The '"H NMR spectrum of ethanol
(below) shows the methyl peak has
been split into three peaks (a rripler)
and the methylene peak has been split
into four peaks (a quarter). This occurs Matfylene quartat ||
because there is a small interaction
(coupling) between the two groups of L
protons. The spacings between the
peaks of the methyl triplet are equal to 7T T T
the spacings between the peaks of the 8
methylene quartet. This spacing is
measured in Hertz and is called the
coupling constant, J.

Malhyl triplet
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To see why the methyl peak is split into a triplet, let’s Jook at the methylene
protons. There are two of them, and each can have one of two possible orientations
(aligned with or opposed against the applied ficld). This gives a total of four possible

states; :

In the first possible combination, spins are paired and :ﬁppnsr:d to the field. This
has the effect of reducing the field experienced by the methyl protons; therefore a

Applied field Spin orientations of
methylene protons
a
—ipr
+— S
' —— —_—
lf—
-

slightly higher field is needed to bring
them to resonance, resulting in an
upfield shift. Neither combination of
spins opposed fo each other has an
effect on the methyl peak. The spins
paired in the direction of the field
produce a downfield shift. Hence, the
methyl peak is split into three, with
the ratio of areas 1 : 2 : 1.

Similarly, the effect of the methyl protons on the methylene protons is such that
there are eight possible spin combinations for the three methyl protons:

Out of these eight groups,
.there are two groups of three
magnetically equivalent
combinations. The methylene
peak is split into a quartet. The
arcas of the peaks in the quartet
have the ration 1 : 3 ; 3 : 1.

In a first-order spectrum
(where the chemical shift between
interacting groups is much larger
than their.coupling constant),
Mterprcmﬁon of splitting patterns
is quite straightforward,

Applied ficld Spin oricniations bf

methylene protons

T

l

T
U

® The multiplicity of a multiplet is given by the number of equivalent protons
in neighbouring aton~ plus one, i.e. the n + 1 rule, '

186



@ Equivalent nuclei do not interact with each other. The (hree methyl protons
in ethanol cause splitting of the neighbouring methylene protons; they do not
cause splitting among themselves. '

'@ The coupling constant is not dependant on the applied field. Multiplets can
be easily distinguished from closely spaced chemical shift peaks,

2.3.3 Instrumentation

There are two general types of NMR instrument; continuous wave and Fourier
transform. Early experiments were conducted with continuous wave (C.W.)
instraments, and in 1970 the first Fourier ransform (FT.) mstrum::uts became
available. This type now dominates the market.

Continuous wave NMR instrumentis

Continuous wave NMR spectrometers are similar in principle to optical
spectrometers. The sample is held in a strong magnetic field, and the frequency of
the source is slowly scanned (in some instruments, the source frequency is held
constant, and the field is scanned).

Fourier transform NMR instruments

The magnitade of the energy changes involved in NMR spectroscopy are small.,
This means that sensitivity is a major limitation. One way to increase sensmvilzy
would be to record many spectra, and then add them together, because nmse is -
random, it adds as the square root of the number of spectra recorded, For ‘example,
if one hundred spectra of a compound were recorded and summed, then the noise
would increase by a factor of ten, but the signal would increase in magnitude by a
factor of one hundred, giving a large increase in sensitivity, However, if this is done
using a continuous wave instrument, the time needed to collect the spectra is very
large (one scan takes two to eight minuies), '

In FT-NMR, all frequencies in a spectrum are irradiated simultaneously wrth a
radio frequency pulse. Following the pulse, the nuclei return to thermal equilibrium,
A time domain emission signal is recorded by the instrument as the nuclei relax. A
frequency domain spectrum is obtained by Fourier transformation,

Solvents for NMR speciroscopy
NMR spectra are usually measured using solutions of the substance being
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investigated. It is important that the solvent itself doesn’t contain any simple hydrogen
atoms, because they would produce confusing peaks in the spectrum,

There are two ways of avoiding this. One can use a solvent such as
letrachloromethane, CCl,, which doesn’t contain any hydrogen, or one can use a
solvent in which any ordinary hydrogen atoms are replaced by its isotope, deuterium—
for example, CDCl, instead of CHCI,. All the NMR spectra used on this sjte
mvolve CDCI, as lhr: solvent.

_ Deuterium atoms have sufficiently different magnetic properties from ordinary
~ hydrogen that they don't produce peaks in the area of the spectrum that we are
looking at.

2.3.4 Applications of NMR

|, Structural diagnosis : The study of molecular structure, conformational
changes and certain types of kinetic investigation is the main use of NMR in
the biologieal field. The use of this technique in drug metabolism studies is
of increasing importance. Thus structural information which relates the
biological functions of the antibiotics such as valinomycin and gramicidin
has been obtained from NMR studies. Structural information about small
proteins such as some neurotoxing, various cytochromes, hen egg-white
lysozyme and calcium binding proteins have been obtained using NMR
spectroscopy. For proteins studies, however, the technique is combined with
X-ray study for better information,

2. Study of dynamic characieristics of protein structure ; Processes which
modulate internuclear distances e.g. the internal motions of macromolecules
or chemical exchange, affect the intrinsic propertics of NMR resonance and
make it possible to probe the dynamic aspect of molecular structure by this
technigue. Thus internal motions of proteins such as the opening of secondary
structure, aromatic side chain rotation, segmental motion of the main chain,
and the overall tumbling of protein have been studied using NMR spectroscopy.
The proteins which have been studied for their dynamic characteristics include
histones, eytochrome BS5, prothrombin, plasminogen and chromogranin A,

3. Study of nucleic acids : Application of NMR to the nucleic acids includes not
only the structural information regarding DNA or RNA, but also the
investigations of interactions between various drugs and DNA and between
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proteing and DNA, Sequence specific oligosaccharides have been obtained

but work on intact glycoproteins is difficult due to problem in convoluting the
data.

. Membrane transport : Membrane transport either in vive systems or using
synthetic membranes has been studied using NMR. The technique has been
used to study alanine and lactate transport in the human eryothrocyte by
exploiting the difference in the magnetic susceptibility between the inside and
out side of the cells. Very recently Na* transport in human er}rthmcytﬂ has
also been studied using NMR.

. Studies on complex formation : Using NMR it is possible to detect very
small conformational changes. Thus NMR has been used to study complex
formation such as the binding of ligand to enzyme, a drug to-DNA, an agonist
to the receptor, or an antigen to an antibody.

. Thermodynamic studies : In the general case of an equilibrium between two
states, NMR can be used to measure the associated thermodynamic quantities,
NMR has been used to measure the quantities such as binding constants,
Enthalpies and entropies of binding, partition coefficients etc. Examples can
be cited on folding and unfolding of proteins and t-RINAs, and the interaction
between actinomycin D and deoxy-pGpC. This technique has also been used
on the mechanism of action of proteases and on the mechanism of their
inhibition by some other proteins,

. Magnetic reseonance imaging : The applications described earlier may be
extended into the clinical environment, Now-a-days physiological samples
can be studied directly, In recent times an important outgrowth of the
development of NMR is magnetic resonance imaging (MRI). MRI offer the
analytical biochemist and the clinician a phenomenological variety. of
procedures. An MRI of the human body is created from the magnetic resonance
of the protons of water, The instrument creates different magnetic field strengths
B, at different locations in the human body. In other words, unlike the NMR
descnhcd here, MRI uses a non-homogeneous magnetic field B, So differen’
water molecules will resonate at different B, frequencies dependmg on their
physical location. Hence, the B, frequency indicatcs wheére the water molecules
reside and the strength of the resonance signal indicates the abundance of
water molecules at that location. The image from water molecules in tumors
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can be enhanced because the excited states of these water mnléc_t_:les relax
back to the ground state more rapidly than water molecules: in non-fumor
environments, and this difference in relaxation can be detected,

24 Raman Spectroscopy

24.1 Theory
The Raman effect and normal Raman. scaftering

When light is scatiered from a molecule most photons are elastically seattered,
The scattered photons have the same encrgy (frequency) and, therefore, wavelength,
as the incident photons, However, a small fraction of light (approximately 1 in 107
photons) is scattered at optical frequencies different from, and usuvally lower than,
the frequency of the incident photons, The process leading to this inclastic scatter
s the temmed the Raman effect. Raman scattering can occur with a .change in
vibrational, rotational or electronic energy of a molecule. Here we will nse the term
Raman effect to mean vibrational Raman effect only. '

The difference in energy between the incident photon and the Raman scattered

photon is equal to the energy of a vibration of the scatiering molecule, A'plnt of
intensity of scattered light versos energy difference is @ Raman spectrum,
The scattering process :

The Raman effect arises when a photon is incident on a molecule and interacts
with the electric dipole of the molecule. It is a form of electronic (more accurately,
vibronic) spectroscopy, although the spectrum contains vibrational frequencies. In
 classical terms, the interaction can be viewed as a perturbation of the molecule’s
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Fig. 23 Energy level diagram for Raman scatiering; (a) Stokes Raman scattering (b) anti-Stokes
~ Raman scatlering. :
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electric field, In quantum mechanics the scattering is described as an excitation to
a virtual state lower in energy than a real electronic transition with nearly coincident
de-excitation and a change in vibrational energy. The scatiering event occurs in 10r
14 seconds or less. The virial state description of scattering 1s shown in Figure
2.3(a) '

The energy difference between the incident and scattered photons is represented
by the arrows of different lengths in Figure 2.3a. Numerically, the enicrgy difference
between the initial and final vibrational levels, 7, or Raman shift in wave numbers
(cr?), is calculated through equation 1

o s 1
V= w e I

A'ruidrm reaftered

in which Ay ugen 800 Apguerea 8re the wavelehgths (in cm) of the incident and
Raman scattered photons, respectively. The vibrational energy is ultirnately dissipated
as heat. Because of the low intensity of Raman scattering, the heat dissipation does
not cause a measurable temperature rise in a material,

At room temperature the thermal population of vibrational excited states is low,
although not zero. Therefore, the initial state is the ground state, and the scattered
photon will have lower energy (longer wavelength) than the exciting photon. This
Stokes shifted scatter is what is usually observed in Raman spectroscopy. Figure
2.3a depicts Raman Stokes scattering.

A small fraction of the molecules are in vibrationally excited states. Raman
scattering from vibrationally excited molecules leaves the molecule in the ground
state. The scattered photon appears at higher energy, as shown in Figure 2.3b. This
anti-Stokes-shifted Raman spectrum is always weaker than the Stokes-shifted
spectrum, but at room temperature it is strong enough to be useful for vibrational
frequencies less than about 1500 cm™, The Stokes and anti-Stokes spectra contain
the same frequency information, The ratio of anti-Stokes to Stokes intensity at any
vibrational frequency is a measure of temperature. Anti-Stokes Raman scattering is
used for contactless thermometry. The anti-Stokes spectrum is also used when the
Stokes spectrum is not directly observable, for example because of poor detector
response or spectrograph efficiency.

Vibrational energies

The energy of a vibrational mode depends on molecular structure and
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environment. Atomic mass, bond order, molecular substituents, molecular geometry
and hydrogen bonding all effect the vibrational force constant which, in turn dictates
the vibrational energy. For example, the stretching frequency of a phosphorus-
phosphorus bond ranges from 460 to 610 to 775 cm! for the single, double and
triple bonded moieties, respectively. Much effort has been devoted to estimation or
measurement of force constants. For small molecules, and even'for some extended

structures such as peptides, reasonably accurate calculations of vibrational frequencies
are possible with commercially available software.

Vibrational Raman Spectroscopy is not limited to intramolecular vibrations.
Crystal lattice vibrations and other motions of extended solids are Raman-active.
Their spectra are important in such fields as polymers and semiconductors. In the
gas phase, rotational structure is resolvable on vibrational transitions, The resulting
vibration/rotation spectra are widely used to stady combustion and gas phase reactions
generally. Vibrational Raman spectroscopy in this broad sense is an extraordinarily
versatile probe into a wide range of phenomena ranging across disciplines from
physical biochemistry to materialsi science.

Raman selection rules and intensities

A simple classical electromagnetic field description of Raman spectroscopy can
be used to explain many of the important features of Ramian band intensities. The
dipole moment, P, induced in a molecule by an external electric field, E, is
proportional to the field as shown in equation 2,

P=0aE ....co [2]

The proportionality constant a is the polarizability of the molecule. The
polarizability measures the ease with which the electron cloud around a molecule
can be distorted, The induced dipole emits or scatters light at the optical frequency
of the incident light wave,

Raman scattering occurs because a ‘molecular vibration can change the
polarizability. The change is described by the polarizability derivative, do/dq , where
q is the normal coordinate of the vibration. The selection rule for a Raman-active
vibration, that there be a change in polarizability during the vibration, is given in
equation 3, .
8% g ]

dg

The Raman selection rule is analogous to the more familiar selection rule for
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an infrared-active vibration, which states that there must be a net change in permanent
dipole moment during the vibration,

If a vibration does not greatly change the polarizability, then the polarizability
derivative will be near zero, and the intensity of the Raman band will be low. The
vibrations of a highly polar moiety, such as the O-H bond, are usually weak. An
external electric field can not induce a large change in the dipole moment and
stretching or bending the bond does not change this,

Resonance-Enhanced Raman scattering

Raman spectroscopy is conventionally performed with green, red or near-infrared
lasers. The wavelengths are below the first electronic transitions of most molecules,
as assumed by scattering theory. The situation changes if the wavelength of -the
exciting laser within the electronic spectrum of a molecule. In that case the intensity
of some Raman-active vibrations increases by a factor of 10%-10%, This resonance
enhancement or resonance Raman effect can be quite useful.

Metalloporphyrins, carotenoids and several other classes of biologically important
molecules have strongly allowed electronic transitions in the wvisible. The spectrum
of the chromophoric moicty is resonance enhanced and that of the surrounding
protein matrix is not. This allows the physical biochemist to probe the chromophoric
site (often the active site) without spectral interference from the surrounding protein,
Resonance Raman spectroscopy is also a major probe of the chemistry of fullerenes,
polydiacetylenes and other *“exotic” molecules which strongly absorb in the visible.
Although many more molecules absorb in the ultraviolet, the high cost of lasers and

optics for this spectral region have limited UV resonance Raman spﬁctmacupy to a
small number of specialists.

Surface-Enhanced Raman scattering

The Raman scattering from a compound (or ion) adsorbed on or even within a
few Angstroms of a structured metal surface can be 10%-10°X greater than in solution,
This surface-enhanced Raman scattering is strongest on silver,-but is observable on
gold and copper as well. At practical excitation wavelengths, enhancement on other
metals is unimportant. Surface-enhanced Raman scattering (SERS) anises from two
mechanisms.

The first is an enhanced electromagnetic field produced at the surface of the
metal, When the wavelength of the incident light is close to the plasma wavelength
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of the metal, conduction electrons in the metal surface are excited into an extended
surface electronic excited state called a surface plasmon resonance. Molecules
adsorbed or in close proximity to the surface experience an exceptionally large
eleciromagnetic field, Vibrational modes normal to the surface are most strongly
enhanced,

The second mode of enhancement is by the formation of a charge-transfer
complex between the surface and analyte molecule. The electronic transitions of

many charge transfer complexes are in the visible, so that resonance enhancement
occurs.

Molecules with lone pair electrons or pi clouds show the strongest SERS. The
effect was first discovered with pyridine. Other aromatic nitrogen or oxygen containing
compounds, such as aromatic amines or phenols, are étmngly SERS active. The effect
can also been seen with other electron-rich functionalities such as curboxylic acids,

2.4.2 Applications

The use of Raman spectroscopy is mainly in the biochemical research for
intermediate-sized mole_culesﬁuc:h as drugs, metabolic intermediates and substrates.
Examples are the identification of substances such as penicillins, small peptides and
environmental pollutants. Raman speciroscopy is a rapid method for measuring
certain contaminants in foodstuff. The principal advantage of Raman spectroscopy
that water has a fairly weak Raman spectrum. Therefore biological samples are
easily studied in agueous solution. Use of this technique in study of photasynthesis -
and respiration in plants is valuable, particularly for CO, metabolism,

In the past, Raman spectroscopy was not often used for the studies of biopolymers
because of various difficulties. In the use of normal visible light as a source, there
is always contamination of the exciting light with the Raman spectrum, But, presently
by the use of LASER this difficulty has been solved,
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Unit 3 0 Fluorescence microscopy, confoecal
microscopy, electron microscopy

Structure

3.1 Fluorescence microscopy

3.2 Confocal microscopy

3.3 Electron micrascopy

34 Transmission electron microscope
3.5 Scanning electron microscope

3.6 References

3.1 Fluorescence microscopy
3.1.1 Introduction

Fluorescence is a member of the ubiquitous luminescence family of processes in
which susceptible molecules emit light from electronically excited states created by
either a physical (for example, absorption of light), mechanical (friction), or chemical
mechanism. Generation of luminescence through excitation of a molecule by uliraviolet
or visible light photons is a phenomenon termed photoluminescence, which is formally
divided into two categories, fluorescence and phosphorescence, depending upon the
electronic configuration of the excited state and the emission pathway. Fluorescence
is the property of some atoms and molecules to absorb light at a particular wavelength
and to subsequently emit light of longer wavelength after a brief interval, termed the
fluorescence lifetime. The process of phosphorescence oceurs in a manner similar to
fluorescence, but with a much longer excited state lifetime.

Fluorescence illumination and observation is the most rapidly expanding
microscopy technique employed today, both in the-medical and biological sciences,
a fact which has spurred the development of more sophisticated microscopes and
nurmerous fluorescence accessories.

A fluorescence microscope is basically a conventional light microscope with
added features and components that extend its capabilities.-

* A conventional microscope uses light to illuminate the sample and produce
a magnified image of the sample.

* A fluorescence microscope uses a much higher intensity light to illuminate the:
sample. This light excites fluorescence species in the sample, which then emit
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light of a longer wavelength. A fluorescent microscope also produces a magnified
image of the sample, but the image is based on the second light source, the light
emanating from the fluorescent species, rather than from the light originally
used to illuminate, and excite, the sample. In contrast to other modes of optical
microscopy that are based on macroscopic specimen features, such as phase
gradients, light absorption, and birefringence, fluorescence microscopy is capable
of imaging the distribution of a single molecular species based solely on the
properiies of fluorescence emission, Thus, using fluoréscence microscopy, the
precise location of intracellular components labeled with specific fluorophores
can be monitored, as well as their associated diffusion coefficients, transport
characteristics, and interactions with other biomolecules. In addition, the dramatic
response in fluorescence to localized environmental variables enables the
investigation of pH, viscosity, refractive index, ionic concentrations, membrane
potential, and solvent polarity in living cells and tissues.

3.1.2 Basic requirements of fluorescence microscope optics

Light source : In order to generate enough excitation light intensity to furnish
secondary fluorescence emission capable of detection, powerful light sources are
needed. These are usually either mercury or xenon arc (bumer) lamps, which produce

high-intensity illumination powerful enough to image faintly visible fluorescence
specimens. ;

Nearly all fluorescence microscopes use the objective lensioperform two functions :

1. Focus the illumination (excitation) light on the sample : In cider to excite '
fluorcseent species in a sample, the optics of a fluorescent microscope must
focus the illumination (excitation) light on the sample to a greater extent than
is achieved using the simple condenser lens system found in the illumination
light path of a conventional microscope.

2. Collect the emitted fluorescence : This type of excitation-emission
configuration, in' which both the excitation and emission light travel through
the objective, is called epifluorescence. The key to the optics in an
epifluorescence microscope is the separation of the illumination (excitation)
light from the fluorescence emission emanating from the sample. In order to

- obtain either an image of the emission without excessive background
illumination, or a measurement of the fluorescence emission without
background “noise”, the optical elements used to separate these two light
components must be very efficient.
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The dichroic mirror

In a fluorescence microscope, a dichroic mirror is used to scparate the excitation
and emission light paths. Within the objective, the excitation emission shares the
same oplics.

In a fluorescence microscope, the dicliroic ‘mirror separates the light paths.

* The excitation light reflects off the surface of the dichroic mirror into the
objective. :

% The fluorescence emission passes through the dichroic to the eyepiece or
detection system.

The dichroic mirror's special reflective
properties allow it to separate the two light _
paths Fig. 3.1. Each dichroic mirror has a st
set wavelength value, called the transition

wavelength value, which is the wavelength

of 50% transmission. The mirror reflects

wavelengths of light below the transition Excitation /
wavelengih value and transmits wavelengths 7

above this valve. This property accounts for Dichrolc / [Emigsion
the name given to this mirror (dichroic, two Ao ey

color), Ideally, the wavelength of the dichroic it
mirror is chosen to be between the Fi& 3‘1315:“’3;“::{:‘;;:{:; “‘:l_ﬁ’;:‘;;’
wavelengths used for excitation and

emission. The dichroic mirror is a key element of the fluorescence microscope, but
it is not able to perform all of the required optical functions on its own. Typically,
~about 90% of the light at wavélengths below the transition wavelength value are
reflected and about 90% of the light at wavelengths above this value are transmitted
by the dichroic mirror. When the excitation light illuminates the sample, a small
amount of excitation light is reflected off the optical elements within the objective
and some excitation light is scattered back into the objective by the sample. Some
of this “excitation” light is transmitted through the dichroic mirror along with the
longer wavelength light emitted by the sample. This “contaminating” light would
otherwise reach the detection system if it were not for another wavelength selective
element in the fluorescence microscope : an emission filter,
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Excitation and emission filters
Two filters are used along with the dichroic mirror :

4 Excitation filter : In order to select the excitation wavelength, an excitation
filter is placed in the excitation path just prior to the dichroic mirror.
# Emission filter : In order to more specifically select the emission wavelength
of the light emitted from the sample and to remove traces of excitation light,
~ an emission filter is placed beneath the dichroic mirror. In this position, the
filter functions to both select the emission wavelength and to elinunate any -
trace of the wavelengths used for excitation, :

These filters are usually a special type of filter referred to as an interference
filier, because of the way in which it blocks
the out of band transmission. Interference

e po Microscops
filters exhibit an extremely low transmission Obieclive

outside of their characteristic bandpass,
Thus, they are very efficient in selecting
the desired excitation and emission
wavelengths, |

The Filter cube

The dichroic mirror is mounted on an
optical block commonly referred to as a
filter cube, The excitation and emission
filters are usually affixed to the filter cube.
This cube provides a convenient means to
change the dichroic mirror without direct _
handling of either the mirror or filters, Fig. Fig. 3.2. Light path through the filter cube

in a fluorescence microscope,
3.2 shows the light path through the filter
cube in a fluorescent microscope.

Dichirale
Mimor

inm

Filler Cube

It is often the case that a specific combination of excitation filter, emission filter
and dichroic mirror are needed to visualize and/or quantitate the fluorescence emission
from a particular fluorescent species. In newer models of fluoreseence microscopes,
manufacturers have provided a means to change thiese optical elements in a convenient
manner by arranging a set of four or more filter cubes in a circular (or linear) turret
under the objective. With a turret arrangement, a specific filter cube can be selected
in a manner similar to that of sclecting a specific objective,

199



Fluorophores in fluorescence microscopy

Many fluorescent probes are constructed around synthetic aromatic organic
chemicals designed to bind with a biological macromolecule, Fluorescent dyes are
also useful in monitoring cellular integrity (live versus dead and apoptosis),
endocytosis, exocylosis, membrane fluidity, protein trafficking, signal transduction,
and enzymatic activity. In addition, fluorescent probes have been widely applied 1o
genelic mapping and chromosome analysis in the field of molecular genetics. A list
of some fluorophores give in thé following table,

Dye Excitation Emission

Maximum (nm)|Maximum (nm)
l. Commonly used | Fluorescein 49 518
fluorophores Texas Red = 592 610
Bodipy 503 511
2. Nuclear dyes Acridine Orange 502 526
Ethidium Bromide 510 595
DAPI 359 461

Propidium Iodide 536 617 |
3. Calcium indicators | Calcium Green 506 533
4. Mitochondria ‘Rhodamine 123 507 529

3.2 Confocal microscopy

3.2.1 Introduction

Now-a days, confocal microscopy is considered to be one of the most important
advances ever achieved in optical microscopy. This microscopy provides several
advantages over conventional widefield optical microscopy, including the ability to
control depth of field, elimination or reduction of background information. The
basic key to the confocal approach is the use of spatial filtering techniques to
eliminate out-of-focus light or glare in specimens. The popularity of confocal
microscopy in recent years, due in part to the relative ease with which extremely
high-quality images can be obtained from specimens prepared for conventional
fluorescence microscopy, and the growing number of applications in cell biology
that rely on imaging both fixed and living cells and tissues,

200



- Modern confocal microscopes can be considered as completely integrated
ﬂ!actmpic systems where the optical microscope plays a central role in a configuration
that consists of one or more electronic detectors, a computer (for image display,
processing, output, and storage), and several laser systemns combined with wavelength
selection devices and a beam scanning assembly, In most cases, integration between
the various components is so thorough that the entire confocal microscope is often
collectively referred to as a digital or video imaging system capable of producing
electronic images. These microscopes are now being employed for. routine

investigations on molecules, cells, and living tissues that were not possible just a
few years ago.

3.2.2 Principles of confocal microscopy

The confocal principle in epi-fluorescence laser scanning microscopy is
diagrammatically presented in Fig, 3,3, Coherent light emitted by the laser system
(excitation source) is used in confocal microscope, Laser is a good candidate for
providing a point-like light soure. Unplike a mixture
of wavelength, laser provides light at discreted
band of wavelength and has very high intensity
which are also advantages for fluorescence
exitation, In practical, a point-like light source is
achieved by using a laser light passing through a
illumination pinhole. This point-like light source
is directed to the specimen by a beam splitier to
form a point-like illumination in the specimen.
The point-illumination move ot scan on the
specimen by the help of a scanner. The reflected

emission light from specimen’s focal plane passes catuz=t Mot Fokal Fiana
through the detecting pinhole and form point-like vv== s +=~ Not In Focal Plane

image on detector PMT (photon multiply tube),
The significant amount of fluorescence emission
that occurs at points above and below the objective

focal plane is not confocal with the pinhole (termed Out-of-Focus Light Rays in Fig
3.3). Because only a small fraction of the out-of-focus fluorescence emission is
delivered through the pinhole aperture, most of this extraneous light is not detected
by the photomultiplier and does not contribute to the resulting image.

Fig. 3.3 Basic structure of Confocal
TaiCroscope
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3.2.3 Applications of confocal microscopy

The broad range of applications confocal microscopy includes a wide variety of
studies in neuroanatomy and neurophysiology, as well as morphological studies of
a wide spectrum of cells and tissues, In addition, the growing use of new fluorescent
proteins is rapidly expanding the number of original research reports coupling these
useful tools to modern microscopic investigations, Other applications include
resonance energy transfer, stem cell research, photobleaching studies, lifetime
imaging, multiphoton microscopy, total intermal reflection, DNA hybridization,
membrane and ion probes, bioluminescent proteins, and epitope tagging.

Taking advantage of the high scan speed of line scan in confocal scanner and
fast sampling speed on the PMTs (in contrast, digital camera has to take image in |
a frame of n x n matrix, the frame readout speed is limited), confocal microscope
can be used to monitor the highly dynamic intra cellular events such as calcium
release, concentration change of calcium and other ions like K, Na, Mg, Ze, pH
change in the cytoplasm of a cell.

3.3 Electron. microscopy

3.3.1 Imtroduction

Electron Microscopes were developed due to the limitations of Light Microscopes
which are limited by the physics of light to 500x or 1000x magnification and a
resolution of 0.2 micrometers, Electron Microscopes are scientific instruments that
use a beam of highly energetic electrons to examine objects on a very fine scale. In

the early 1930"s this theoretical limit had been reached and there was a scientific
desire to see the fine details of the interior structures of organic cells (nucleus,
mitochondria...etc.). This required 10,000x plus magnification which was just not
possible using Light Microscopes. ' :

The Transmission Electron Microscope (TEM) was developed by Max Knoll
and Ernst Ruska in Germany in 1931. It was the first type of Electron Microscope
lo be-developed and is patterned exactly an the Light Transmission Microscope
except that a focused beam of electrons is used instead of light to “see through” the
specimen. ; :

The first Scanning Electron Microscope (SEM) debuted in 1942 with the first
commercial instruments around 1965, Its late development was due to the electronics
involved in “scanning” the beam of electrons across the sample,
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3.3.2 Principle
Electron Microscope (EM) function exactly in the same way as their optical

counterparts. In EM a focused beam of electrons instead of light is used to “image"

the specimen and gain information as to its structure and composition. The steps
involved in all EMs are as follows ;

A stream of electrons is formed (by the Electron Source) and accelerated toward
the specimen using a positive electrical potential, All Electron Microscopes utilize
an electron source of some kind with the majority using a Themionic Gun, A
Thermionic Electron Gun functions in the following manner

1. A positive electrical potential is applied to the anode. The filament (cathode)
1s heated until a stream of electrons
is produced and the electrons are
then accelerated by the positive
potential down the column.

Filamani

Weahnell Cap
{negative polenlial} -

2. A negative electrical potemtial is
applied to the Whenelt Cap. As the
electrons move toward the anode Space Charge
any ones emitted from the filament's
side are repelled by the Whenelt Cap
toward the optic axis.

3. A collection of electrons occurs in the space between the filament tip and
Whenelt Cap. This collection is called a space charge. Those electrons at the
bottom of the space charge (nearest to the amode) can exit the gun area
through the small (< 1 mm) hole in the Whenelt Cap These elecirons then
move down the column to be later used in imaging and all electrons have
similar energies (monchromatic),

This electron stream obtained from electron gun is confined and focused

using metal apertures (A thin disk or strip of metal (usually Pt) with a small
circular through-hole. Apertures are used to restrict electron beams and filter
out unwanted scattered electrons before image formation) and magnetic lenses
into a thin, focused, monochromatic beam. This beam is focused onto the
sample using a magnetic lens. The interactions occur inside the irradiated
sample affect the electron beam and these interactions and effects are detected
and transformed into an image in electron microscope.

Elattron Baam

Anoda Plate
{posilive potential)

203




An electron microscope can yield the following information :
3.3.3 Topography

The surface features of an object or “how it looks”, its texture; direct relation
between these features and materials properties (hardness, reflectivity...etc,)
3.3.4 Morphology

The shape and size of the particies making up the object; direct relation between
these structures and materials properties (ductility, strenpth, reactivity...etc.)

3.3.5 Composition

The elements and compounds that the object is composed of and the relative
amounts of them; direct relationship between composition and materials properties
(melting point, reacﬁvity, hardness.,.ete.)

Crystallographic Information

How the atoms are arranged in the object; direct relation between these
arrangements and materials properties (conductivity, electrical properties, strength..,
éic.). ,

A more specific treatment of the workings of two different types of EMs are
described in more detai] : -

3.4 Transmission electron microscope (TEM) : principle and
application

A TEM works much like a slide projector. A projector shines a beam of light
through the slide, as the light passes through it is affected by the structures and
objects on the slide, These effects result in only certain paris of the light beam being
transmitted through certain parts of the slide, This transmitted beam is then projected
onto the viewing screen, forming an enlarged image of the slide.

TEMs work the same way except that they shine a beam of electrons (like the
light) through the specimen(like the slide). Whatever part is transmitted is projected
onto a phosphor screen for the user to see. A more technical explanation of a typical
TEMs workings is as follows (Fig, 3.4) :

1. In TEM a stream of monochromatic electrons is produced from the elestron
gun (the “Virtual Source” at the top). This stream is focused to a small, thin,
coherent beam by the use of condenser lenses 1 and 2, ’I'hl: first lens largely
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determines the “spot size™; the general size range of the final spot that strikes
.the sample. The second lens actually changes the size of the spot on the
sample; changing it from a wide dispersed spot to a pinpoint beam. The beam
is restricted by the condenser aperture, knocking out high angle electrons.

2. The beam strikes the specimen and parts of it are transmitted and this
transmitted portion is focused by the objective lens into an image. Optional
Objective and Selected Area metal apertures can restrict the beam; the Objective
aperture enhancing contrast by blocking out high-angle diffracted electrons,
the Selected Area apertire enabling the user to examine the periodic diffraction
of electrons by ordered arrangements of atoms in the sample,

Virtual Source

= Ennnm:l Intermediate Lans

Projecior Lena
Maln Serson (phosphor)
Fig, 3.4 ¢ Technical explantion of a typical-TEM

3. The image is passed down the column through the intermediate and projector
lenses, being enlarged all the way. The image strikes the phosphor image
screen and light is generated, allowing the user to see the image. The darker
areas of the image represent those areas of the sample that fewer electrons
were transmitted through (they are thicker or denser). The lighter arcas of the
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image represent those areas of the sample that more electrons were (ransmitted
through (they are thinner or Jess dense),

From the application of TEM the following information can be obtained. TEMs
arc patterned after Transmission Light Microscopes and will yield similar information.

Morphology

The size, shapa_:: and arrangement of the particles which make up the specimen
as well as their relationship to each other on the scale of atomic diameters, .

Crystallographic Information

The arrangement of atoms in ihe specimen and their degree of order, detection
of atomic-scale defects in areas a few nanometers in diameter

Compositional Information (if so equipped)

The elements and compounds the sample is composed of and their relative
ratios, in areas a few nanometers in diameter

3.5 Scanning electron microscope (SEM) : principle and application

A detailed explanation of how a typical SEM functions follows (Fig. 2.5) :

The “Virwal Source” at the top represents the electron gun, producing a stream

of monochromatic electrons. The stream is condensed by the first condenser lens
" (usually controlled by the “coarse probe current knob”). This lens is used to both
form the beam and limit the amount of current in the beam. It works in conjunction
with the condenser aperture to eliminate the high-angle electrons from the beam,

1. The beam is then constricted by the condenser aperture (usually not user
sclectable), eliminating some high-angle clectrons The second condenser lens

forms the electrons into a thin, tight, coherent beam and is usually controlled
by the "fine probe current knoh™

2. A set of coils then “scan” or “sweep” the beam in a grid fashion (like a
television), dwelling on points for a period of time determined by the scan
speed (usually in the microsecond range)

3. The final lens, the Objective, focuses the scanning heam onto the part of the

- specimen desired. When the beam strikes the sample (and dwells for a few
microseconds) interactions occur inside the sample and are detected with
variou$ instruments.
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Wirluni Source

=+ Flrsi Condanser Lons

Condensar Aperiura

— =+ Sacond Condenser Lens

Objective Apariure

E Soan Coils

= =+ Objective Lens

Sampla

Fig. 3.8 : Explanation of a typical SEM

4. Before the beam moves to its next dwell point these instruments count the
number of interactions and display a pixel on a CRT whose intensity is
determined by this number (the more reactions the brighter the pixel).

5. This process is repeated until the grid scan is finished and then repeated, ﬂie_
entire pattern can be scanned 30 times per-second.

SEMs are patterned after Refiecting Light Microscopes and };i(:!d similar
information : :
Topography :

The surface features of an object or “how it looks”, its texture, detectable
features limited to a few manomeiers i

Morphology _

The shape, size and arrangement of the particles making up the object that are
lying on the surface of the sample or have been exposed by grinding or chemical
etching; detectable features limited to a few manometers :
Composition

The elements and compounds the sample is cumpﬁ-scd of and their relative
ratios, in areas ~ 1 fnicrometer in diameter
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Crystallographic Information

The arrangement of atoms in the specimen and their degree of order; only
useful on single-crystal particles >20 mictometers

3.6 References
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Unit 4 O Biosensor-Nature & Application

Structure

41
4.2

MNature of biosensor
Application of biosensor

4.1 Biosensor

A biosensor is an analytical device which converts a biolagical response into an

electrical signal in order to quantify them. The term ‘biosensor’ is often used to
cover sensor devices used in order to determine the concentration of substances and
other parameters of biological interest even where they do not utilize a biological
system directly. Biosensors make use of the specificity of biological processes,
enzymes for their substrates and other ligands, antibodies for their antigens, lectins
for carbohydrate and nucleic acid for their complementary sequences. A typical
biosensor has a number of connected parts (Fig. 4.1)

A successful biosensor must possess at least some of the following beneficial

features |

The biocatalyst must be highly specific for the purpose of the analyses, be
stable under normal storage conditions and, except in the case of colorimetric
enzyme strips and dipsticks show good stability over a large number of assays
(i.e. much greater than 100).

The reaction should be as independent of such physical parameters as stirring,
pH and temperature as is manageable. This would allow the analysis of samples
with minimal pre-treatment. If the reaction involves cofactors or coenzymes
these should, preferably, also be co-immobilised with the enzyme.

The response should be accurate, precise, reproducible and linear over the
useful analytical range, without dilution or concentration. It should also be
free from electrical noise.

If the biosensor is to be used for invasive monitoring in clinical situations, the .

_ probe must be tiny and biocompatible, having no toxic or antigenic cffects.

If it is to be used in fermenters it should be sterilisable. This is preferably
performed by autoclaving but no biosensor enzymes can presently withstand
such drastic wet-heat treatment. In either case, the biosensor should not be
prone to fouling or proteolysis.

The complete biosensor should be cheap, small, portable and capable of
being used by semi-skilled operators. .
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Reference

Fig. 4.1 : Schematic diagram showing the main components of a biosensor, The biocatalyst (a) converts
the aubstrate to product, This reaction is determined by the ransducer (b) which converts it

to an electrical signal, The output from the transducer is amplified (c), processed (d) and
displayed (e).

The key part of a biosensor is the ransducer (shown as the ‘black box’ in Figure
4.1) which makes use of a physical change accompanying the reaction. In biogensor,
a transducer is used to convert the biological events, be it a catalytic response or a
binding reaction, in (o a form where it can be read directly ot further processed by
a microprocessor. Based on transducer types it may be following types

1. The heat output (or absorbed) by the reaction (calorimetric blosensors),

2. Changes in the distribution of charges causing an electrical potential to be
produced (potentiometric biosensors),

3. Movement of electrons produced in a redox reaction (amperometric
hiosensors),

4. Light output during the reaction or a light absorbance difference between the
reactants and products (optical bicsensors), or

5. Effects due to the mass of the reactants or products (plezo-electric biosensors).

Transducer “Examples

Electrochemical Clark oxygen electrode, ion selective electrode
Optical Photodiodes, Waveguide systems

Piczo electric Quartz crystals, surface acoustic wave devices
Calorimetric Thermistor, thermopile
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4.2 Application of biosensor

Therc are three so-called ‘generations’ of biosensors; first generation biosensors
where the normal product of the reaction diffuses to the transducer and causes the
elecirical response, second generation biosensors which involve specific ‘mediators’
between the reaction and the transducer in order to generate improved response, and
third generation bioseusors where the reaction itself causes the response and no
product cr mediator diffusion is directly involved.

The electrical signal from the transducer is often low and superimposed upon
a relatively high and noisy (i.e. containing a high frequency signal component of an
apparently random nature, due to clecirical interference or generated within the
electronic components of the transducer) baseline. The signal processing normally
involves subtracting a ‘reference’ baseline signal, derived from a similar transducer -
without any biocatalytic membrane, from the samiple signal, amplifying the resultant
signal difference and electronically filicring (smoothing) out the unwanted signal
noise, The relatively slow nature of the biosensor response considerably eases the
problem of electrical noise filtration, The analogue signal produced at this stage
may be output directly but is usually converied to a digital signal and passed to a
microprocessor stage where the data is processed, converted to concentration units
and output to a display device or data store.

The biological response of the biosensor is determined by the biocatalytic
membrane which accomplishes the conversion of reactant to product. Immobilised
enzymes possess a number of advantageous features which makes them particularly
applicable for use in such systems. They may be reused, which ensures that the
same catalytic activity is present for a series of analyses. This is an important factor
in securing reproducible results and avoids the pitfalls associated with the replicate
pipetting of free enzyme otherwise necessary in analytical protocols. Many enzymes
are intrinsically stabilised by the immobilisation process, but even where this does
not occur there is usually considerable apparent stabilisation. It is normal to use an
excess of the enzyme within the immobilised sensor system, This gives a catalytic
redundancy (i.e. h << 1) which is sufficient to ensure an increase in the apparent
stabilisation of the immobilised enzyme. Even where there is some inactivation of
the immobilised enzyme over a period of time, this inactivation is usuvally steady
and predictable, Any activity decay is easily incorporated into an analytical scheme
" by regularly interpolating standards between the analyses of unknown samples. For
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these reasons, many such immobilised enzyme systems are re-usable up to 10,000
times over a period of several months. Clearly, this results in a considerable saving
in terms of the enzymes' cost relative to the analytical usage of free soluble enzymes.

When the reaction, occurring at the immobilised enzyme membrane of a
biosensor, is limited by the rate of external diffusion, the reaction process will
possess a number of valuable analytical assets. In particular, it will obey the
relationship shown in equ.tion. It follows that the biocatalyst gives a proportional
change in reaction rate in response Lo the reactant (substrate) concentration over a
substantial lincar range, several times the intrinsic K. This is very useful as anﬁlytc
concentrations are often approximately equalto the K s of their appropriate enzymes
which is roughly 10 times more concentrated than can be normally determined,
- without dilution, by use of the free enzyme in solution. Also following from equation
which is the independence of the reaction rate with respect to pH, ionic strength,
temperature and inhibitors, This simply avoids the tricky problems often encountered
due to the variability of real analytical samples (e.g, fermentation broth, blood and
urine) and external conditions, Control of biosensor response by the external diffusion
of the analyte can be encouraged by the use of permeable membranes between the-
enzyme and the bulk solution, The thickness of these can be varied with associated
effects on the proportionality constant between the substrate concentration and the
rate of reaction (i.e. increasing membrane thickness increases the unstirred layer (5)
which, in turn, decreases the proportionality constant, k; , in equation. Even if total
dependence on lhe external diffusional rate is not achieved (or achievable), any
increase in the dependence of the reaction rate on external or internal diffusion will
cause a reduction in the dependence on the pH, ionic strength, temperature and
inhibitor concentrations.
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‘Unit 5 O Detection of Apoptotic cell

Structure

5.1 Comet assay

5.2 Nuclear lamin assay

5.3 Lamin B assay

54 Caspase activation

5.5 Caspases and apoptosis

5.6 The apoptosome

5.7 Caspases and chromatin breakdown
58 Caspase 3 degradation

59 Assay of Cytochrome C release from mitochondria
510 Annexin V binding assay

5.1 Comet assay

The Comet-assay is a single cell based technique that allows to detect and
quantitate DNA damages. Therefore the assay uses nuclei embedded in agarose and
exposed Lo an electric field. This technique was first described in 1984 by Johanson
and Oesling and was later modified by Singh and coworkers in it’s alkaline version
1o detect single strand DNA breaks.

Principle
The nuclear DNA of normal cells consists of few and very long molecules, but

the nuclear DNA of cells undergoing apoptosis degrade in to many piecés of very
small, small and medium sizes.

When whole cell electrophoresis is carried out, very long nuclear DNA molecules
of normal cells exist in the form of a single large mass, but heterogeneous nuclear
DNA fragments of apoptotic cells align in a smaller to bigger pattem, which nearly
. assumes the shape of a comel.

Experiment

a) Control or normal cells are mixed with a high quality soft agarose (cell :
agarose = 1 : 10) and a suspension is obtained by adding PBS, pH 7.4 to the
mixture ' i
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b) Similarly, late apoptotic cells (vells exposed to drug, for example Staurosporin
Lyt mol for 6 hours are mixed with agarose and a suspension is obtained by
adding PBS to the mixture

c) These two suspension are dropped on two groves over a Comet slide

d) Two electrodes are connected to the two ends of the slide and a week electric
current (17V) is passed between the two electrodes for a while (10 min)

¢) Thereafter the DNA of the cells are stained with SYBR green dye.or DAP]
or EtBr (Ethidium Bromide)
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- Mewtralisation, DAPI staln, \*
fluorescanca microscopy

% ol DNA In tail is related
1o DMA break fraquenoa

Fig. 5.1 : The comet assay —with enzyme modification
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Ohservations

a) After the brief electrophoresis the nucleus of a control cell retains its rounded

shape, as the very large DNA molecules having high molecular weights exist
together as a single large mass.

b) On the other hand, the DNA fragments of an apoptotic cell h"aving various
sizes and very low, low and medium molecular weights tend to migrate
towards the anode (+ ve electrode), the smallest DNA fragment shows the
fastest mobility and the larger bigger fragments show a much slower mobility,
Thus the orientation of very small, small and medium sized DNA fragments
look like a comet and the nucleus tapers towards the anode,

Inferences

The study reveals that the nuclear DNA undergoes gradual fragmentation into
very small small and medium sized molecules during apoptosis,

5.2 Nuclear lamin assay

The nuclear lamina is a dense, ~ 30 to 100 nanometers thick, fibrillar network
composed of intermediate filaments made of lamin that lines the inner surface of the
nuclear envelope in animal cells.

When the cell begins to divide, the nuclear lamina and envelope disappea;'s.
After the chromosomes have separated into two daughter cells, the lamina reforms
around the chromosomes, and eventually combines back into the nuclear envelope.
The Nuclear lamina, or the inner nuclear membrane (INM), is a scaffold-like network
of protein filaments surrounding the nuclear periphery. This scaffold is made of
mostly the type V intermediate filament proteins, lamin A/C and B, which together
form a complex meshwork underneath the INM . The laming are coiled-coil structures
that contain a small N-terminal head followed by a rod-like domain (coiled-coil)
and a C-terminal globular tail, Via these coiled-coil regions lamins can form parallel

dimers, which in tum form polymers with other lamin dimers in an anti-parallel
* manner (head-to-tail). Although quite resistant to biochemical extraction, the nuclear
lamina is nonetheless dynamic and can depolymerise
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Fig. 5.2 : Formation of Lamin polymer

5.3 Lamin B assay

Principle

Lamin B is a filamentous protein which is essential for maintenance of integrity
of nuclear membrane of the nuclei of eukaryotic cells. Lamin B of normal cells has
a molecular weight of 70 KDa. In cells undergoing apoptosis nuclear membranes
tend to lose integrity and this phenomenon is accompanied by degradation of laminB

molecules in to < 50 KDa sized peptides that can no longer maintain the integrity
of nuclear membrane.

Experiment

Nuclear membrane proteins are ‘isolated from (i) control or normal cells
(11) cells in an early stage of apoptosis (cells exposed to 1p mol concentration of
staurosporin for 3 hours) and (iii) cells in an advanced stage of apoptosis (exposed
to 1p mol concentration of staurosporin for 6 hours). Staurosporin induced apoptotic
changes in normal cells kept in vitro.

The isolated nuclear membrane proteins are subjected to PAGE (polyacrylamide
gel electrophoresis) followed by Western Blot analysis using anti lamin B antibody
(monoclonal). A lane of size marker protein is also used during the study.
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Observations

i,

iii.

In case of nuclear membrane proteins of control cells, anti Lamin B binding'
indicated the appearance of one distinct band on the Western Blot. The size
markers indicate that the band has a molecular weight of 70 KDa.

In case of nuclear proteins of early apoptotic cells, anti lamin B binding
indicates the appearance of two discrete, narrow bands on the western blot,
The size markers indicate that one of these bands has a molecular weight of
T0KDa and the other has molecular weight of < 50 KDa.

In case of nuclear membrane protein of late apoptotic eells, anti laminB
binding indicates the appearance of one distinct band on the western blot. Its
molecular weight as indicated by the size markers is < 50 KDa,

 Inference

The study clearly indicates

1.

ii,

iii,

Lamin B of control cells is a 70 XDA protein which appears as a distinct
band on Westem blot.

In early apoptotic cells, all lamin B molecules are degraded in to <50 KDa
sized peptides. Consequently, a distinct band appears near 50 KDa region on
the Western blot but no band is formed at 70 KDa region

In late apoptotic cells, all lamin B molecules are degraded in to < 50 KDa
sized peptides. Consequently, a distinct band appears near 50 KDa region on
the Western blot but no band is formed at 70 KDa

Control cells Early apoptosis Late apoptosis
(50 i -yt 2o W) ISR ST
70 KDa TOKDa
L= e e R -
I 50KDa 50KDa

Fig. 5.3 | Bands of Lamin B of control & apoplotic cells on Westem blot

5.4 Caspase activation

Caspases are a family of calcium-dependent cysteine proteases, which play
essential roles in apoptosis (programmed cell death), necrosis and inflammation.
Caspases are essential in cells for apoptosis, one of the main types of programmed
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3.5 Caspases and apoptosis

The caspases are a family of proteins that are one of the main €xecutors of the
apoptotic process, They belong to a group of enzymes known as cysteine Proteases

be cleaved to form active enzymes following the induction of apoptosis, Induction
of apoptosis via death receptors typically results in the activation of an initiator

First s 1ge of apoptosome formation

Recruitment of
procaspase-9

Fig. 54 : Caspase Activation
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caspase such as caspasc 8 or caspase 10. These caspases can then activate other
caspases in a cascade, This cascade eventually leads to the activation of the effector
caspases, such as caspase 3 and caspase 6. These caspases are responsible for the
cleavage of the key cellular proteins, such as cytoskeletal proteins, that leads to the
typical morphological changes observed in cells undergoing apoptosis.

5.6 The apoptosome

There are a number of other mechanisms, aside from activation of the death
receptors, through which the caspase cascade can be activated. Granzyme B can be
delivered into cells by eytotoxic T lymphocytes and is able to dircetly activate caspases
3.7, 8 and 10. The mitochondria are also key regulators of the caspase cascade and
apoptosis. Release of cytochrome C from mitochondria can lead to the activation of
caspase 9, and then of caspase 3, This effect is mediated through the formation of an
apoptosome, a multi-protein complex consisting of cytochrome C, Apaf-1, pro-caspase .
9 and ATP. The formation of the apoptosome is ﬂlustxatcd below (Fig. 5.5h]

5.7 Caspases and chromatin breakdown

One of the hallmarks of apoptosis is the cleavage of chromosomal DNA into
nucleosomal units. The caspases play an important role in this process by activating
DNases, inhibiting DNA repair enzymes and breaking down structural proteins in
the nucleus. This processes is illustrated below.

Fig, 5.5(n) : Figure showing the caspases and chromatin breakdown
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1) Inactivation of enzymes involved in DNA repair

The enzyme poly (ADP-ribose) polymerase, or PARP, was one of the first
proteins identified as a substrate for caspases. PARP is involved in repair of DNA
damage and functions by catalyzing the synthesis of poly (ADP-ribose) and by
binding to DNA strand breaks and modifying nucledr proteins. The ability of PARP
to repair DNA damage is prevented following cleavage of PARP by caspase-3,

2) Breakdown of structural nuclear proteins

Lamins are intra-nuclear proteins that maintain the shape of the nucleus and
mediate interactions between chromatin and the nuclear membrane. Degradation of
lamins by caspase 6 results in the chromatin condensation and nuclear fragmentation
commonly observed in apopiotic cells.

3) Fragmentation of DNA

The fragmentation of DNA into nucleosomal units - as seen in DNA laddering
assays—is caused by an enzyme known as CAD, or caspase activated DNase, Normally
CAD exists as an inactive complex with ICAD (inhibitor of CAD). During apoptosis,
ICAD is cleaved by caspases, such as caspase 3, to release CAD, Rapid fragmentation
of the nuclear DNA follows. = '

5.8 Caspase 3 degradation

Principle

Procaspase 3 found in the cytosol of normal cells represents an inactive precursor
of the enzymes caspase3. Procaspase 3 has a molecular weight of 32 KDa, With the
onset of apoptosis of a cell, procaspase 3 breaks in two fragments, a 20 KDa
pepteide and a 12 KDa peptide. The larger peptide functions as the active caspase .
3, which initiates the cascade of apoptotic changes of cells.

Experiments

Cytosol fractions are isolated from (a) control or normal cells (b) cells in an
early stage of apoptosis (i) cells exposed to 1 mol concentration of saturosporin
for 3 hours and (c) cells in an advanced satge of apoptosis (exposed to 1 mol
concentration of staurosporin for 6 hours). Saturosporin induces apoptotic changes
in normal cells kept in vitro.

The isolated cytosol fraction are subjected to PAGE, followed by Western Blot
analysis using an anti procaspase 3 monoclonal antibody. A lane of size marker
proteins is also used during the study.
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Obeservation

i) In case of cytosol fraction of control cells, anti procaspase3 binding indicates

the appearance of one distinct band on the Western Blot. The size markers
indicates that the band has molecular weight of 32 KDa

ii) In case of cytosol fraction of early apoptotic cells, anti procaspase 3binding

indicates the appearance of three distinct bands on the western blot, The size
markers indicate that the bands has a molecular weight of 32 KDa, 20 KDa,
12 KDa, ' |

iii) In case of cytosol fraction of late apoptotic cells, anti procaspase 3 binding
indicates the appearance of two distinct bands on the western blot. As indicated
by the size markers, one band has a molecular weight of 20 KDa and the
other band has a molecular weight of 12 Kda

Inference

1. Procaspase 3 of control cells is a 32 KDa protein, which appears as a distinct
band on the western blot

2. In early apoptotic cells, a part of procaspase 3 remain intact and appears as
a band at 32KDa region on the western blot and another part degrades in to
20KDa peptides and a 12 KDa peptide, which appears as a narrow band and
a faint band on the western blot. :

3. In late apoptotic cells, all procaspase 3 molecules are degraded in to 20 KDg
and 12Kda peptides. Consequently one band appears at 20KDa region and
another band at 12Kda region on the western blot.

Control cells Early apoptosis Late apoptosis
_ i i SN =g 5
32 KDa 32 KDa
IS TR
20 KDa 20 KDa
12 KDa 12 KDa

Fig. 5.6 : Bands of Procaspase 3 of normal & apoptotic cells on Western Blot
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5.9 Assay of Cytochrome C release from mitochondria
Introduction '

Cytochrome ¢, or cyt ¢ is a small heme protein found loosely associated with
the inner membrane of the mitochondrion, It is a solublé protein, unlike other
cytochromes, and is an essential component of the electron transfer chain, where it
carries one electron. It is capable of undergoing oxidation and reduction, but does not
bind oxygen. It transfers electrons between Complexes III and IV, It belongs to
cytochrome ¢ family of proteins. Cytochrome c is a highly conserved protein across
the spectrum of species, found in plants, animals, and fnany unicellular organisms.
This, along with its small size (molecular weight about 12,000 daltons), makes it
useful in studies of cladistics. Its primary structure consists of a chain of 100 amino
acids.The cytochrome ¢ molecule has been studied for the glimpse it gives into
evolutionary biology. Both chickens and turkeys have the identical molecule (amino
acid for amino acid) within their mitochondria, whereas ducks possess molecules
differing by one amino acid, Similarly, both humans and chimpanzees have the identical
molecule, while rhesus monkeys possess eytochromes differing by one amino acid.
Principle

" When mitochondrial fraction and cytosel fraction are isolated from normal cells
by differential centrifugation, the presence of an enzyme cytochrome C can be

Fig. 5.7 : Cytochrome ¢, somatic
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detected exclusively in the mitochondrial fraction. On the other hand when the
aforesaid fraction are isolated from cells undergoing apoptosis a significant quantity
of cytochrome C can be detected in the cytosol fraction and only a small quantity
can be detected in the mitgchondrial fraction, It is likely that cytochrome C after its
redistribution from mitochondria to cytosol helpe n caspase activation which in tum
bring about apoptotic changes of cells.

Experminent I

Mitochondrial fraction and cytosol fraction are’isolated by differential
ultraceritrifugation from (a) control or normal cells (b) late apoptotic cells (cells
exposed to 1p mol concentration of staurosporin for 6 hours). Saturosporin induces
apoptotic changes. The isolated fraction were then subjected to polyacrylamide gel
electrophoresis (PAGE) followed by Western Blot analysis using an anti cytochrome
C antibody.

Observations -

(a) Anti cytochrome C binding indicates the appearance of a single distinct band
on the western blot in case of the mitochondrial fraction but not the cytosol fraction
collected from normal cells (b) Again anti cytochrome C binding indicates the
appearance of one narrow band and one distinct band on western blot in case of
the mitochondrial fraction and cytosol fraction, respectively collected from the
apoptotic cells,

Inference

The sredy reveals that cytochrome C gets redistributed from the mitochondria
to cytosol of cells during apoptosis.

Experiments II

Control cells and late apoptotic cells are taken and each kind of cells is stained
with two fluorescent compounds (i) mitotracker : a'dye that gives red fluorescence
and specifically stains the mitochondria of cells and (ii) FITC anticytochrome C :
a conjugate of a green fluorescent dye fluorescein isothiocyante and a monoclonal
antibody against cytochrome C, the whole fluorescent complex specifically hinds to
cytochrome C. All cells are studied under a ﬂuorescence microscope.

Observations

(i) In control cells red fluorescence due to mitotracker is located on the
mitochondrial surface and green fluorescence due to FITC anticytochrome C is
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located in the interior of the mitochondria, (ii) In apoptotic cells, red fluorescence
15 located on the mitochondrial surface while green fluorescence is located principally
in the cytosol instead of the mitochondrial interior,

Inference

The study reveals that cytochrome C gets redistributed from the mitochondria

to the cytososl of cells during apoptosis. This is why the green fluorescent FITC
anticytochrome C binds cytochrome C in the cytosol of apoptotic cells.

Control cells ' Apoptotic cells |
P e e
Mito fraction Cylo fraction Mito fraction | Cyto fraction

Fig. 5.8 : Cytochrome C bands of normal & apoptotic cells on western blot,

5.10 Annexin V binding assay
“Introduction

Apoptosis is a cell death process characterized by morphological and biochemical
features occurring at different stages. Once triggered, apoptosis proceeds with different
kinetics depending on cell types and culminates with cell disruption and formation
of apoptotic bodies. A critical stage of apoptosis involves the acquisition of surface
changes by dying cells that eventually results in the recognition and the uptake of
these cells by phagocytes. Different changes on the surface of apoptotic cells such
as the expression of thrombospondin binding sites, loss of sialic acid residues and
exposure of a phospholipid-like phosphatidylserine (PS) are the notable one.
Phospholipids are asymmetrically distributed between inner and outer leaflets of the
plasma membrane with phosphatidylcholine and sphingomyelin exposed on the
external leaflet of the lipid bilayer, and phosphatidylserine predominantly observed
on the inper surface facing the cytosol. Exposure of PS on the external surface of
the cell membrane has been reported for activated platelets and senescent erythrocytes.
Recently, it was shown that cells undergoing apoptosis break up the phospholipid
asymmetry of their plasma membrane and expose PS which is translocated to the
outer layer of the membrane. This occurs in the early phases of apoptotic cell death
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Fig. 5.9 :'A.puptutic signal liberates eytochrome C from mitochondcia

during which the cell membrane remains intact. This PS exposure may represent a
hallmark (early and widespread) in detecting dying cells. Annexin V, belonging to
a recently discovered family of proteins, the annexins, with anticoagulant properties
has proven to be a useful tool in detecting apoplotic cells since it preferentially
binds to negatively charged phospholipids like PS in the presence of Ca?* and shows
minimal binding to phosphatidylcholine and sphingomyeline. Changes in PS
asymmetry, which is analyzed by measuring Annexin V binding to the cell membrane,
were detected before morphological changes associated with apoptosis have occurred
and before membrane integrity has been lost. By conjugating FITC to Annexin V
it is possible to identify and quantitate apoptotic cells on a single-cell basis by flow
cytometry. Staining cells simultaneously with FITC-Annexin V (green fluorescence)
and the non-vital dye propidium iodide (red fluorescence.)
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Principle

The plasma membrane of a eukaryotic cell contains two leaflets or npiu
molecules. Different lipid molecules remains asymmetrically distributed in those
two leaflets. In normal cells, phosphatidylcholine, sphingomyelin and glycolipid
occur mainly in the outer leaflets but phosphatidylserine (PS) .and
phosphatidylethanolamine occur mainly in the inner leaflets while asmall amount of
cholesterol occurs in cither of the two leaflets. Amongst all these lipid molecules,
only PS carries a net negative charge while others are electrically neutral at
physiological PH. With the onset of apoptosis, PS molecules are redistributed from
the inner to outer leaflets of lipid bilayer and their negatively charged heads get
exposed to the cell exterior, A protein called annexin V which remains positively
charged at a PH above 7 can bind to the head of a PS molecules by an electrostatic
bond. '

Experiment

Control or normal early apoptotic and late apoptotic cells (cells exposed fto
sataurosporin for 3 & 6 hr respectively) are taken out from respective cultures. Now
a protein called annexin V which has previously been tagged with a dye FITC is
added to each group of cells. After a while the cells of different groups are examined
under a fluorescence microscope using a green filter. -

Lation of the Anmadn V 3
Schematic represen Ry st

W = Phoephatidyl sarna
8 = Plor TAAD
i. Annaxin VFITC

Fig. 510, Experiment showing soncxin V binding assay
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Observation

The outer surface of late apoptotic cells shows an intense green fluorescence
and the early apopiotic cells show a pale green fluorescence surface, but the control
cells do not show any fluorescence on their surface.

Inference

The experiment clearly indicates that FITC — annexin V conjugate does not bind
to the cell membrane of control cells, but can bind with the cell membrane of
apoptotic cells, especially the late apoptotic cells. Therefore it becomes evident that
the PS molecules pass from the inner to the outer lipid leaflets of the cell membrane.
when a. cellundergoes apoptosis:
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Unit 6 0 Elementary Idea of Cryopreservation

Structure

6.1 Introduction

6.2 History

6.3 MNatural cryopreservation

6.4 Freezable tissues

6.5 Basic principle

6.6 Risks

6.7 Prevention of risks

6.8 Cryoprotectant o

6.9 Steps for cryopreservation of cells and microorganisma
6.10 Viability assays

6.11 Cryopreservation protocols

6.12 Cryopreservation of occytes and embryos
6.13 Cryopreservation of spermatozoa

6.14 Cryopreservation of organs

6.15 Significarice

6.1 Introduction

The word Cryopreservation is a combination of two words- Cryo + Preservation,
The term erpo comes from the Greek word kruos, which means frost and thus it
stands for frosting or it can be expressed as cooling to frosting. So the technique
that employs cooling to very low temperatures to preserve the biological specimen
is known as cryopreservation. In Cryopreservation, cells or whole tissues are preserved
by cooling to low sub-zero temperatures, such as (typically) 77 K or ~196°C (the
boiling point of liquid nitrogen). At these low temperatures, any biolegical activity,
including the biochemical reactions that would lead to cell death, s effectively
stopped. '

Cryobiology succeeds in preserving living systems at cryogenic temperatures
by limiting the destructive effects of low temperature during cooling and to let the
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protective effects dominate, over virtually unlimited period of time. The limit of
hazardous sub-zero temperature depends on the biological system being preserved
and the method of preservation. .

6.2 History

James Lovelock was one of the most important early workers on the theory of
cryopreservation. Dr. Lovelock's work suggested that damage to red blood cells
during freezing was due to osmotic stresses. Lovelock in early 1950s had also
suggested that increasing salt concentrations in a cell as it dehydrates to lose water
to the external ice might cause damages to the cell,

6.3 Natural cryopreservation

Tardigrades, commonly known as Water bears, can survive freezing at low
temperatures by replacing most of their internal water with the sugar trehalose.
Sugars and other solutes that do not easily crystallize have the efféct of 'limiting the
‘stresses that damage cell membranes. Trehalose is a sugar that does not readily
cr_vstalhze Mixtures of solutes can achieve similar effects.

6.4 Freezable tissues

In general, cryopreservation is easier for thin samples and small clumps of
individual cells, because these can be cooled more quickly and so require lower
doses of toxic cryoprotectants,

® Semen (which can be used successfully almost indefinitely after
cryopreservation),

Human eggs (oocytes)
Human embryos (that are 2, 4 or 8 cells when frozen)
Blood (special cells for transfusion, or stem cells)

Tissue samples '(eg. tumours and histological cross sections)
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6.5 Basic principle

Internal energy of a physical system can be measured from the temperature of
the systen. This energy in fluid systems allows the molecular motions from one
place to other within the fluid, Falling of temperature leads to the reduction of the
energy level and consequently the molecilar motions within the system. In case of
pure_ water, falling of temperature below certain point, results in an abrupt
reorganization of water molecules into organized solid latiice i.e. ice crystal, This
is called freezing. In other systems temperature' reduction causes progressive slowing
of molecular motion, and chemical reactions rates until the critical temperature is
+ reached below which energy is insufficient for appreciable mobility of molecules,
This point is known as glass transition temperature. At this point, the system
almost completely loses its fluidity and becomes solid liquid or vitrified (vitrous
means glass), In this phase molecular rearrangements are practically stopped. Al
several degrees below the glass transition temperature, molecular motions are slow
to extreme and the changes are nil for all practical purposes even for several hundred
years,

6.6 Risks
Phenomena which can cause damage to cells during cryopreservation are :
a. Solution effects, '
b. Extracellular ice formation,
¢. Dehydration and
d. Intracellular ice formation,
a. Solution effects
Solution effects caused by concentration of solutes in non-frozen selution during

freezing as solutes are excluded from the crystal structure of the ice. High
concentrations can be very damaging.

" b, Extracellular ice formation °

When tissues are cooled slowly, water migrates out of cells and ice forms in the
extracellular space. Too much extracellular ice can cause mechanical damage due
to crushing.
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¢. Dehydration

The migration of water causing extracellular ice formation can also cause cellular
dehydration. The associated stresses on the cell can cause damage directly,

~d. Intracellular ice formation

While some organisms and tissue can tolerate ‘some extracellular ice, any -
appreciable intracellular ice is almost always fatal to cells.

6.7 Prevention of risks

In so-called ‘slow cooling’ methods, the biological material is cooled at a range
of cooling rates that are fast enough to prevent ‘slow cooling damage’ but are slow
enough to allow sufficient dehydrition of the cells to prevent intracellular ice
formation. The dehydrated cells in the ‘unfrozen fraction’ that remains between the
masses of ice will ultimately reach a stable glassy state, or 'vitrify’. In so-called
vitrification methods, the water content is lowered before cooling by adding high
concentrations of cryoprotective agents.(CPA). Thus, no'ice is formed at all, and the
entire sample will vitrify. This allows fast cooling rates without risk of intracellular
ice formation. The CPA concentration of vitrification solutions can be minimised by
using very high cooling and thawing rates. By using extremely high cooling rates,
vitrification is possible even in complete absence of CPAs.

Vitrification provides the benefits of cryopreservation without the damage due
to ice crystal formation. In clinical cryropreservation, vitrification usually requires
the addition of cryoprotectants prior to cooling, The cryoprotectants act like antifrecze:
they lower the freezing temperature. They also increase the viscosity. Instead of
crystalizing, the solution turns into an amorphous ice—i.e. it vitrifies,

Generally, two conditions required to allow vitrification are
(i) an increase in the viscosity and '
(ii) a depression of the freezing temperature.
Many solutes do both, but larger molecules generally have larger effect,
particularly on viscosity, Rapid cooling also promotes vitrification.

In artificial cryopreservation, the solute must penetrate the cell membrane in
order to achieve increased viscosity and depressed freezing temperature inside the
cell. Sugars do not readily permeate through the membrane, Those solutes that do,
such as dimethyl sulfoxide, a common cryoprotectant, are often toxic in high
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concentration. One of the difficult compromises faced in artificial cryopreservation
is limiting the damage produced by the cryoprotectant itself,

6.8 Cryoprotectant

Cryoprotectants are the substances which are used to protect biological tissues
from freezing damage (damage due to ice formation). Practically these are the
chemicals that tend to reduce injury to the cells during freezing and thawing, -

Arctic and Antarctic insects, fish, amphibians and reptiles create cryoprotectants
in their bodies to minimize freezing damage during cold winter periods. Insects -
most often use sugars as cryoprotectants. Arctic frogs use glucose and Arctic
salamanders create glycerol in their liver for use as cryoprotectant.

Conventional cryoprotectants are glycols, such as ethylene glycol, propylene
glycol and glycerol. Ethylene glycol is commonly used as automobile antifreeze and
propylene glycol has been used to reduce ice formation in ice cream. Dimethyl
sulfoxide (DMSO) is also regarded as a conventional cryoprotectant. Glycerol and
DMSO have been used for decades to reduce ice formation in ga.metes and embryos
that are cold-preserved in liquid nitrogen.

Successful cryopreservation requires that viability be maintained after having
- remained in liquid nitrogen for an indefinite period. Too rapid freezing will form
large intracellular ice crystals that will break the membranes on thawing. Slow
freezing forms extracellular ice, if intracellular concentration of solutes is sufficiently
too high to freeze, This condition can be achieved by addition of penetrating
cryoprotectants. When extracellular ice is formed the water is withdrawn from the
cell, as the vapor pressure density of ice is lower than that of largely aqueous
cytoplasm. Water keeps on coming out till vapor pressure densities reach equilibrium.
This process shrinks the cytoplasm and the plant and microbial cells can undergo
temporary plasmolysis,

Non-penetrating cryoprotectants (for eg. polyethelene oxide (PEO), pﬂlyvm}'l
pymolidone (PVP)) are the alternative choice to ensure a smooth dehydration during
freezing. Rapid dehydration will denature the proteing by the formation of localized
high concentration that precipitaies proteins, At a critical temperature corresponding
to the freezing points for equilibrium mixture of solid and liquid, is called eufectic
point for the cytoplasm. At this temperature, the cell contents can freeze without
formation of ice crystals. . ' '
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Common Cryoprotectants are :
@ Dimethyl sulfoxide (DMSO)
@ Ethylene glycol
® Glycerol
@ Propylene glycol
® Sucrose
@ Trehalose

Depending on their ability to permeate across the cell membrane, they are

broadly classified into two groups. Peneirating cryoprotectants can move into the
cell across the membrane but non-penefrating cryoprotectants can not,
A. Mechanism of action of peneirating cryoprotectants )
' Mechanism of action of penetrating cryoprotectant is based on their colligative
properties i.e. the collective properties that a solution has in the presence of these
compounds, Particularly it is the reduction in salt concentration at a given temperature
that reduces the injury. at that temperature. Thus an effective penetrating cryoprotectant
should provide colligative properties in which the salt is buffered down to low
temperature and the protectant should be freely permeable across the cell membrane _
to buffer the intracellular salt as well,

Examples : Ethylene Glycol, Propylene glycol, Glycerol, Dimethyl sulfoxide
B, Mechanism of action of non-penetrating cryoprotectants

Non-Penetrating Cryoprotectants act by dchydrating cell at high sub-freezing
temperatures, and thus allow them to rapidly cool, before the slow cooling injury
can cause extensive damage. These compounds are usually polymers that form
extensive hydrogen bonds with water, reducing the effects of water to a much
greater extent than could be predicted by their molar concentration.

Example : Hydroxy-ethyl- *arch (HES), Polyvinyl pyrrolidone (PVP) and
Polyethylene oxide (PEQ).

Mixtures of cryoprotectants have less toxicity and are more effective than single-
agent cryoprotectants. A mixture of formamide with DMSO, propylene glycol and
a colloid was for many years the most effective of all antificially created
cryoprotectants. Cryoprotectant mixtures have been used for vitrification,
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Some cryoprotectants function by iawerin-g a solution’s or a material’s Glass
transition temperature, In this way, the cryoprotectants prevent actual freezing, and
the solution maintains some flexibility in a glassy phase. Many cryoprotectants also
function by forming hydrogen bonds with biological molecules as water molecules
are displaced. Hydrogen bonding in aqueous solutions is important for proper protein
and DNA function. Thus, as the cryoprotectant replac. *he water molecules, the
biological material retains its native physiological structure (and function), although
they are no longer immersed in an aqueous environment. This preservation strategy
is most often observed in anhydrobiosis.

6.9 Steps for cryopreservation of cells and microorganisms

There are techniques (o cryopreserve most of isolated cell types, microorganisms,
specimens of plant origin, and small embryos.. -

Preparation of cells

Usually a cryoprotective additive is required for significant survival afier thawing.
Glycerol and DMSO are most common.

The cryoprotective agent (CPA) is diluted to proper concentration in the medium
for spspending the cells, CPA like DMSO and glycerol will serve as a solvent for
sodium chloride, the molar concentration of this salt has to be kept at the required
level in CPA solution. The molecular weight of DMSO is 78g/mol and density is
I.1g/mol; 7.1 ml, is used in 100 ml. to get one mol/litre.

The CPA must be allowed to equilibrate within the cell before the freezing is
begun: CPA is added at physiological temperatures then the cells are left for about
15 minutes. With large cells or at low temperatures or both, the equ:hbraﬁﬂn period
of even of one hour may be required.

Microbes grown in aerobic conditions show greater recovery after
crynpresmrauun than those grown in anaerobic conditions. The density of cells
suspended in the growth medium with CPA should be 107 cells /ml or more. The
density of tissue culture cells in the suspension is to bel0® tol0” cells/ml. The cell
line must be free from contaminants before cryopresérvation.
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Freezing

Small plastic vials with screw caps or snap lids are used for freezing, Plastic
straws are used for sperm cells, For these cells requiring very rapid warming flame
sealed glass ampoules may be used.

Protozoa and most of other animal cells are cooled at controlled rates for better
survival, A lot of animal cells have optimum cooling rate between 0.1 to 10°C/min,
Generally practiced rate is 1°C,

Controlled cooling can be done by following methods.

1. Liquid nitrogen freezer
2. Controlled aleohol bath
3. Multistep cooling

4. Freezing containets.

Ice formation occurs in a sample of bulk solution by formation of ice nuclei,
Once ice is formed, continuous crystallization releases the latent heat. This heat
warms the sample to the melting point. The freezing apparatus is to be programmed
to maintain the temperature after seeding so that the latent heat is fully dissipated.
With the lowering of temperature the maintenance of cooling rate remains no more
tmpottant. Generally the sample once having dropped to —60°C can directly be
placed in liquid nitrogen.

Storage

The storage temperature affects the length of successful storage. These two are
inversely proportional. Lower is the storage temperature longer is the safe storage.
For liquid nitrogen (~196°C) the limiting factor is background radiation, which may
cause accumulation of DNA alterations. A suitably shielded freezer gives indefinite
storage. The cryoprserved stored material should be exposed to higher temperature
to minimum,

Thawing

It should be as rapid as possible, with the temperature being kept limited to
37°C. The best and safest way of thawing (warming) the sample is to immerse it
in a 37°C water bath with gentle agitation, In order to increase the rate of warming,
the sample is frozen in a vial with high surface area to volume ratio (for e.g. straws).
After thawing the cell recovery has to be measured.
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6.10 Viability assays

It is the ‘ability of the treated sample to exhibit a specific function(s) expressed
as the propartion of the same function exhibited by the same sample before treatment
~or an identical sample’.

I. Subjective Assay : When as assay is (o buluslablished for the first time the
statistically significant data of observed parameters are less important than
the general impression of the results, In order to avoid the possible individual
variations among observers and also the systematic errors, the objective assay
should be made only when an assay has been established,

2. Qualitative Assay : Here the results are descriptive or more theoretical than
being numerical or mathematical expressions. Such assays are useful if quality
evaluation is desired and the quantity measurement is either difficult or not
possible. Qualitative evaluation needs degree of :unsmlnncy and an expcnenced
expertise as for example in pathological examinations,

3. Quantitative Assay : This may be of two types.
A. Direct : This is a sort of direct asgay of dose response relationship
regarding a specific response.
B. Indirect ; The response is quantitatively measured with rcspe:t to specific
dosage or treatment given to the sample.

" 4, Binary assay : When two outcomes are feasible, that is known as binary
assay. It also minimizes the experimental errors or bias of the observer, as the
two outcomes may show interdependence.

6.11 Cryopreservation protocols

Cryopreservation of cells

1. Cultures to be cryopreserved should be healthy, free from mnmnunanun and
should be maintained in log phase growth for several days before freezing.

2. Grow attaching cell culture to late log phase, trypsinize and centrifuge, Only
centrifugation is necessary for freezing suspension cells.

237



3. Resuspend cells in sterile serim-containing culture medium containing 10%
v/v dimethyl sulfoxide (DMSO,. Work should proceed quickly to minimize
the length of time the cells are exposed to DMSO in the liquid state. The
highest purity DMSO should be used,

4 Place the appropriate volume and cell number into cryopreservation ampules.
Plastic or glass ampules may be used, However, plastic ampules with external

~ silicon seals function best when kept above liguid nitrogen temperature (i e,
in the vapor phase). Immersion into the liquid nitrogen phase can result in
liquid nitrogen entering the ampule and tae contents of the ampule spraying
out during the defrosting procedure. If s!crage in liquid nitrogen is preferred,
plastic ampules with internal “o” rings per »rm satisfactorily. Glass ampules
offer the best results due to the secure sea nd the rapidity with which the
ampule can be defrosted, thereby allowing for higher culture viability. However,
they can be inconvenient to use due to the requirements of flame sealing.

3. Place the ampules in a controlled-rate freezer and cool at a rate of 1°C/minute.
If a controlled-rate freezing apparatus is not available, adequate results can be
obtained by :

a, Placing the ampule inside a 1-inch foam-insulated box and keeping the
box at ~70°C for-12 hours,

- b. Cooling the ampules in the liquid nitrogen phase using a liquid nitrogen

canister insert. . '

¢. Placing the ampules in an isopropanol bath that is subsequently cooled in
a -70°C freezer. '

d. Placing the ampules directly into a ~20°C freezer for several hours and
then transferring to a —70°C for further cooling. -

. Placing the ampules directly into a —~70°C freezer.
The last two methods (d and €) are not ideal since the culture viability
can be affected and result in the loss of sensitive populations. These
methods should only be used when no other options are available.

After freezing, the ampules should be transferred to a liquid nitrogen-fill storage
vessel. Prolonged storage at temperatures above —135°C will result in decreased
viabilitics,
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6.12 Cryopreservation of oocytes and embryos

Freezing

.

Specimens to be frozen are placed into labeled eryovials containing 0.3 ml of
cryopreservative medium (1.5 M 1,2- propanediol in modified DPBS for
pronuclear cocytes) at room temperature. Cryovial caps are securely tightened.

. Cryovials are held at room temperature for 30 minutes. At the end of this

equilibration period, cryovials are loaded onto freezing cans within the
biological freczer. f

. 'a, Start point = room temperature

b. Temperature drops within the unit at a rate of ~1° C/min until -6.5°C is
reached.

Freezer is held at —6.5° C for an additional 5 minutes,
Manual seeding is performed by touching forceps to outside the cryovials.
Freezer is held at -6.5° C for an additional 5 minutes,

Temperature drops within the unit at a rate of —0.5° C/ min. until —80°
C is reached. _

g. Gryovials are plunged into liquid nitrogen, loaded onto storage canes, and
placed into appropriate storage tanks.

=0 a0

Thawing

a,

b.

- 0 B0

Start point = -100° C

Cryovials are removed from storage tanks and loaded onto thawing canes
within biologic freezing unit,

Cryovials are maintained at ~100 °C for 5 minutes before proceeding.
Temperature warms at a rate of + 8,0 °C/min until room temperature is reached.
Cryovials are held at room temperature for 5 minutes.

Specimens are removed from cryovials and placed in LOM 1, 2-propanediol
solution in DPBS for 5 minutes af room temperature,

Specimens are transferred to 0.5 M 1, 2-propanediol solution in DPBS for 5
minutes at room femperature, '

Specimens are transferred to 0.0 M 1, 2-propanediol solution in DPBS for 5
minutes at room temperature.
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i. Specimens are transferred to equilibrated Ham's F-10 culture medium
containing 15% CO, until cleavage patter is established,

j. Preembryo transfer is scheduled after preembryo-viability and regular cleavage
pattern is established, usually within 24 hours of thaw,

Harvest Iémbryns

Culture

Centrifugation Equilibration

l |
Freezing | Vitrification

Thawing - | Warming
i : |

I
Rehydration

1

Embryo transfer

Fig. 6.1 Schematic representation of nryopmtfvatiun of cmbryo.

6.13 Cryopreservation of spermatozoa

Cryopreservation of spermatozoa by equilibriuim cooling usually consists of the
following steps; -
1. Cells in suspension are placed in a solution of a cryoprotective agent (CPA)
2. The cells are cooled to temperatures near 0°C. |

3. They are then cooled to subzero temperatures at a moderately low rate of
about 5-10°C / min to an intermediate subzero temperature (about -75°C for
spermatozoa) and then plunged into liquid nitrogen at —196°C for storage.

4. To restore their function, cryopreserved cells are warmed and thawed and the _
CPA removed. :
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Fig. 6.2 A tank of liguid nitrogen, used to supply a cryogenic freezer (for storing laboratory
samples 8t & temperature of about <150 degrees Celsius),

6.14 Cryopreservation of organs

There are three approaches for preservation of organs
.. Storage at hypothermic temperature that is above freezing but below 37°C,
2, Freezing and thawing and storage at cryogenic temperatures. _
3. Storage at cryogenic temperatures without the formation of ice crystals during
cooling or thawing,
A. Freezing of Organs

The conventional concept includes the application of techniques for prr.sr.rvauon

of cells with some alterations assunnng that the organs are simply big cells. But

there are many problems associated with this purpose because in ‘an organ the
different kind of cells are present, and each type has its own specific cryopreservation
limits for optimal recovery, Extracellular jce can mechanically damage the organ,
specially the blood vasculature, Osmotic movement of interstitial water may further
cause mechanical stress. Mechanical fractures can occur in such frozen vitrious
solids and the parts of organ may become separated. The attachments between cells
and their basement membranes too can be disrupted.
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B. Vitrification

It is the best process to preserve the whole organ. This process includes the
conversion of agueous solution into an amorphous solid, When a liquid is cooled
down, it can be brought below its melting point without a change in phase, Formation
of ice requires nucleation, in which ice nucleus as a cluster of few water molecules
reaches the eritical size. With lower temperatures, the critical size of nucleus becomes
smaller and finally acquires the size of clusters within liquid, This solution can be
cooled down to homogenous nucleation temperature, at which the probability of
nucleation is 1 in 2 super cooled state, but below this crystallization begins,

Crystal growth requires molecular translation within the liquid, If a lquid is
cooled at a fast rate the viscosity of liquid might increase to that level where molecular
translation is much slow to allow nucleation and crystal growth as at this temperature
the time required for nucleation becomes infinite i.e. the ice will practically be never
formed. Thus obtained amorphous solid is stable below this temperature.

Vitrification is also possible by adding solutes, which form structures in water
and ice will form only when these structures are broken down. The solute molecules
interfere between water molecules that tend to cluster and so hydrogen-bonirg
network necessary for ice formation is prevented from occurring.

C. Important aspects of cryopreservation of organs
Cooling injures the tissue, 50 there arise some problems in cryopreservation of
- organs. Those problems can be handled by applying following methods.
1. High concentration of viirification solutions (VS) :
a. The VS is injected through artery or vein of the organ under a computerized
perfusion (infusion) system, The process is continually monitored.
b. Glass forming chemical like pmpylenn glycol may help to reduce
concentration of VS,

c. The atmospheric pressure is m-:mased along with lowering of freezing
point of the normal saline and the temperature of hypothermic storage is
lowered. The time of VS perfusion is increased but the concentration is
decreased by glass forming chemical.

2. The fracturing is prevented by removing the sample from its container after
it has beén cooled and by storing it at —135°C and in liquid nitrogen.
3. As rapid cooling is desired to preverit ice formation, the cooling is done with
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suitable agitation and using perfusion, which is again not stationary to cool
the organ,

4. During thawing, the rapid warming is done to prevent ice formation and this
may be achieved by microwave heating.

Factors associated with cooling and cryopreservation that contribute to cellular
injury and death in bialqgical systems :

" System Type/ cause of damage

All Intracellular ice formation, extracellular ice formation, apoptosis,
toxicity, calcium imbalance, free radicals, ATP levels, general
metabolism, fertilization failure, cleavage failure, intracellular
pH, parthenogenetic activation, cleavage

Membrane Rupture, leakage, fusion, microvilli, phase transition

Chromosomes Loss/gain, polyspermy, polygyny (failure to extrude.polar body),
tetraploidy

DNA Apoptosis, fusion, rcanangcmchts

Cytoskeleton Microtubules dissolve, actin

Proteins/enzymes Dehydration, loss of function
Ultrastructure Microvilli, mitochondria, vesicles, cortical granules, zona pellucida
Lipids Free radicals?

(Ref ; Cryopreservation of oocytes and ovarian tissue by Helen M. Picton,
Roger G. Gosden, Stanley P.Leibo: Gamete source, manipulation and disposition)

6.15 Significance

Cryopreservation helps in protecting the specimen from any kind of deterioration.

Cryopreservation allows virtually indefinite storage of biological material without
deterioration for at least several thousands of years.

Repeated cultures of cell lines may cause loss of biochemical functions or of
morphogenetic properties dug to genetic changes. Cryopreservation in liquid rum:rgcn
is one of the methods that eliminate this problem in cerain microbial cultums
Moreover, it is specially suited for eukaryotes.

Cryopreservation techniques enable the banking of cells to prevent any genetic
drift of a culture line and also to renew & culiure line in case that becomes
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contaminated for being used in autologous or allogenic transplantation, for in vitre
fertility treatment, animal husbandry and many other ‘applications,

Cryopreservation of gametes (unfertilized oocytes and spermatozoa) and embryos
is desirable to improve the efficiency of assisted reproduction, Stored oocytes could
potentially be used for several purposes. ' :

Applications are as follows

Improve the efficiency of In Vitro Fertilization

Alternative to embryo freezing

Qocyte preservation for patients with ovarian hypﬂrsﬁmulélinn
Ooeyte donation programme -

. The treatment of congenital infertility disorders

. Prevent fertility loss through surgerj;-

. Treatment of premature ovarian failure

N AW N -
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Unit 7 0 Molecular Separation Techniques

Structure.

7.1  Chromatography

7.2 Thin-Layer chromatography {TLCi

7.3 Troubleshooting TLC

7.4 Ion exchange chromatography

7.5 SDS-PAGE (Sodium Dodcyl Sulphate-Polyacrylamide Gel Electrophoresis)
7.6 SDS-PAGE (Polyacrylamide Gel Electrophoresis)

7.7 Alfinity Chromatography

7.8 ' High Performance (Pressure) Liquid Chromatography

7.1 Chromatography
7.1.1. Introduction

The word Chromatography originates from two Greek words khroma (colour)
and graphia (writing), and means coloured writing as the original experiments
demonstrated the colour differences, Chromatography is one of the most effective
techniques to separate and identify chemical compounds. Although the method was
developed in 1906 by Russian botanist Mikhail Tsweit, who separaled plant pigments
(hence the name), it was described in 1855 by Karl Runge, a German chemist who
separated inorganic materials by paper chromatography. Chromatography became
an important techmique with the work of Archer Martin and R.L. M. Synge in 1944,
who later received a Nobel Prize for developing the methodology of partition
chromatography. :

There are many kinds of chromatography-adsorption, partition, ion-exchange
and molecular-sieve and many specialized techniques for using them- column, paper,
thin-layer and gas chromatography. ol

7.1.2 Theoretical Basis of Chromatography

Liquid chromatography, a commonly used technique to scparate mixtures of
~ proteins, nucleic acids, and other molecules, is based on the principle that molecules
dissolved in a solution will interact (bind and dissociate) with a solid surface. If the
solution is allowed to flow across the surface, then molecules that interact frequently
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with the surface will spend more time bound to the surface and thus move more
slowly than ma[e.culc'_s that interact infrequently with the surface. Liquid
chromatography is performed in a tube packed tightly* with spherical beads, The
nature of these beads determines whether separation of proteins depends on differences
in mass, charge or binding affinity. All types of chromatography are based on
partition or distribution coefficient which is the expression of the way of the
distribution of the compound in two immiscible phases, the mobile and the stationary
ones, The coefficient value is expressed as :

Concentration of phase I

= K, (the distribution constant)
Concentration of phase I
The stationary phase may be solid or a gel or an immobilized mixture of liguid
and solid. The mobile phase may be a liquid of a gas as this phase flows through
or on surface of the stationary phase. Depending on the nature of compounds to be
separated, the two phases have to be chosen with regard to the method to be adopted,

7.2 Thin-Layer chromatography (TLC)

Thin layer chromatography (TLC) is a chromatography technique used to separate
chemical compounds. It involves a stationary phase consisting of a thin layer of
adsorbent material, usually silica gel plates (Si0,) or aluminium oxide(ALO,), or
cellulose immobilised onto a flat, inert carrier sheet. A liguid phase consisting of
the solution to be separated is then dissolved in an appropriate solvent and is drawn
up the plate via capillary action, separating the experimental solution based on the
polarity of the components of the compound in question.Unlike column
chromatography where the elution is through the solid phase, here in Thin-Layer
chromatography the samples move on the flat surface and the different fractions get
distributed as separated from each other and remain adhered to the surface instead
of being discharged out as fractional effluents. The distance travelled by each
component is found out by applying a suitable colouring agent so that each component
spot is visualized. The ratio of these distances is known as R, value, For a given
compound-the R, value is characteristic with a given solvent under controlled solute
concentration, pH and temperature, The rate of migration of various substances
being separated depends on their relative solubilities in the polar stationary and non-
polar mobile phase. In single step of separation, a given solute is distributed between
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the mobile and the stationary phases with reference to partition coefficient, Migration .
rate of a substance can be expressed as :

The R; value—R; is the retention factor, or how far up a plate the compound
travels.

R; = distance traveled by the substance/distance traveled by the solvent front.
Thin-Layer preparation and Chromatogrom development:

Approximately 0.25 mm. thick layer of a solid material is spread on a glass or
plastic plate and used as an ideal support for the fractional movement of components
of an applied sample. If the thickness is below 0.2 mm the R, value is affected,
Various commercially available spreading materials can be carefully applied to form
an evenly thin layer of required thickness. The atmosphere of the separation chambcr
must be fully saturated with solvent vapours to prevent
the variations in R, value. This is very quick method
completing many separations in less than one hour,
The separated spots are guite compact to allow detection
of even lower concentrations. The separated compounds
can be detected either by spray (Ninhydrin in case of
amino acids) or a suitable agent or by scamung if the
sample is radioactive labeled.

7.2.2, Plate preparation

TLC plates are made by mixing the adsorbent, such :
as silica gel G 20, with a small amount of inert binder gz 7.1 Figure showing how
like calcium sulfate (gypsum) and water, This mixture RS value is calculated
is spread as a thick slurry on an unreactive carrier sheet,
-usually glass, thick aluminum foil, or plastic, and the
resuitant plate is dried and activated by heating in an
oven for thirty minutes at 110 °C, The thickness of the
adsorbent layer is typically around 0.1-0.25 mm for
analytical purposes and around 1-2 mm for preparative
TLC. :

7.2.3 Technique

A small spot of solution containing the sample is
applied to a plate, about one centimeter from the base,

Fig: 7.2 A typical Silica G
TLC plate in solvent
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The plate is then dipped into a suitable solvent, such as ethanol or water, and placed
in a sealed container. The solvent moves up the plate by capillary action and mects
the sample mixture, which is dissolved and is carried up the plate by the solvent.
Different compounds in the sample mixture travel at different rates owing to

differences in solubility in the solvent, and owing to differences in their attraction
to the stationary phase.

Separation of compounds is based on the competition of the solute and the
mobile phase for binding places on the stationary phase. For instatice, if normal
phase silica gel is used as the stationary phase it can be considered polar. Given two
compounds which differ in polarity, the most polar compound has a stronger
interaction with the silica and is therefore more capable to dispel the mobile phase
from the binding places. Consequently, the less polar compound moves higher up
the plate (resulting in a higher RF value). If the mobile phase is changed to a more
polar solvent or mixture of solvents, it is more capable of dispelling solutes from
the silica binding places and all compounds on the TLC plate will move higher up
the plate. Practically this means that if yoy use a mixture of ethyl acetate and
heptane as the mobile phase, adding more ethy! acetate results in higher Rf values
for all compounds on the TLC plate. Changing the polarity of the mobile phase will
not result in reversed order of running of the compounds on the TLC plate. If a
reversed order of running of the compounds is desired, an a p-nlar stationary phase
should be used, such as C18-functionalized silica. '

ﬁﬁ, 7.3 Figure showing o l;,rp_iﬁal chromatogram of ten essential oils, spol developed by vanillin
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As the solvent moves past the spot that was applied, an equilibrium is established
for each component of the mixture between the molecules of that component which
are adsorbed on the solid and the molecules which are in solution. In principle, the
components will differ in solubility and in the strength of their adsorption to the
adsorbent and some components will be carried farther up the plate than others.
When the solvent has reached the top of the plate, the plate is removed from the
developing chamber, dried, and the separated components of the mixture are
visualized. If the compounds are colored, visualization is straightforward, Usually
the compounds are not colored, so a UV lamp is used to visualize the plates. (The
plate itself contains a fluor which fluoresces everywhere except where an organic
compound is on the plate.)

7.2.4 Analysis

As the chemicals being separated may be colorless, several methods exist to
visualize the spots : '

% Often a small amount of a fluorsscent compound, usually Manganese-activated
Zine Silicate, is added to the adsorbent that allows the visualization of spots
under a biacklight (UV,s,). The adsorbent layer will thus fluoresce light
green by itself, but spots of analyte guench this fluarescence.

% lodine vapors are a general unspecific color reagent.
# Specific color reagents exist like Ninhydrin into which the TLC plate is
dipped or which are sprayed onto the plate .

Once visible, the R_‘, value , or Retention factor, of each spot can be detr.rmiqr.d
by dividing the distance traveled by the product by the total distance traveled by the -
solvent (the solvent front). These values depend on the solvent used, and the type
of TLC plate, and are not physical constants. If the compounds are colored, they are
easy to see with the naked eye. If not, a UV lamp is vsed.

Thus TLC is a simple, quick, and inexpensive procedure that gives the chernist
a quick answer as to how many components are in a mixture. TLC is also used to
support the identity of a compound in a mixture when the RF of a compound is
compared with the Rf of a known compound (preferably both run on the same TLC
plate). . '
Applications .

Its wide range of uses include

@ assaying radiochemical purity of radiopharmacenticals
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determination of the pigments a plant contains

detection of pesticides or insecticides in food

analysing the dye composition of fibers in forensics, or
idenﬁfying compounds present in a given substance

7.3 Troubleshooting TLC

All of the above (including the procedure page) might sound like TLC ig quite
an easy procedure. But what about the first time you run a TLC, and see spots
everywhere and blurred, streaked spots? As with any technique, with practice you
get better. One thing you have to be careful Examples of common problems
encountered in TLC : ]

The compound runs as a streak rather than a spot

The sample was overloaded, Run the TLC again after diluting your sample.
Or, your sample might just contain many components, creating many spots
which run together and appear as a streak. Perhaps, the experiment did not
go as well as expected. : '

The sample runs as a smear or a upward crescent,

Compounds which possess strongly acidic or basic groups (amines or
carboxylic acids) sometimes show up on a TLC plate with this behavior. Add
a few drops of ammonium hydroxide {amines) or acetic acid (carboxylic
acids) to the eluting solvent to obtain clearer plates.

The sample runs as a dovmward crescent,

Likely, the adsorbent was disturbed during the spotting, causing the crescent
shape.

The plate solvent front runs crookedly, .

Either the adsorbent has flaked off the sides of the plate or the sides of the -
plate are touching the sides of the container (or the paper used to saturate the
container) as the plate develops. Crookedly run plates make it harder to
measure Rf values accurately,

Many, random spots are seen on the plate.

Make sure that you do not accidentally drop any organic compound on the
plate. If get a TLC plate and leave it laying on your workbench as you do the
experiment, you might drop or splash an organic compound on the plate.
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@ No spots are seen on the plate.

You might not have spotted enough compound, pf:rhaps because the solution
of the compound is too dilute. Try concentrating the solution, or, spot it
several times in one place, allowing the solvent to dry between applications.
Some compounds do not show up under UV light; try another method of
visualizing the plate. Or, perhaps you do not have any compound because
your experiment did not go as well as planned.

If the solvent level in the developing jar is deeper than the origin (spotting
line) of the TLC plate, the solvent will digsolve the compounds into the
solvent reservoir instead of allowing them to move up the plate by capillary
action. Thus, you will not see spots after the plate is developed.

@ You see a blur of blue gpots on the 'pléte as it develops.
Perhaps, you used an ink pen instead of a pencil to mark the origin?

7.4 Ton exchange chromatography |
7.4.1, Introduction

Ion exchange chromatography is a type of adsorption chromatography in which
retention of a solute due to its reversible electrostatic interaction with the oppositely
charged groups on an ion exchanger. Hence, this technique is useful for separation
of compounds which bear a net electric charge such as proteins, amino acids and
nucleic acids etc. Ton exchangers are prepared from either certain synthetic resins
which are insoluble porous organic molecules or naturally occurring biopolymers
such as cellulose to which various groups known as fixed ions are covalently attached.
These fixed ions are balanced by equal and oppositely charged ions from the solution
referred to as counter ions. Depending upon the nature of the counter ions, these ion
exchangers can be divided into two types :

1. Cation Exchanger : counter ions are cationic or positively charge.d ions.
! (CM Cellulose)
2. Anion Exchanger : Counter ions are negatively charged. (DEAE Cellulose)

Counter ions are mobile and can be easily exchanged by other similarly charged
molecules in the sample, Nature of the resin matrix remains unchanged during this
exchange process.
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Some commonly used ion-exchangers

Type Matrices Funectional group Name of the
: i Functional Group
Weak cation | Agarose -CO0 Carbony
exchangers Celluloss ~-CH,CO0 Carboxymethy)
Dextran
Polyacrylate
Strong cation | Cellulose | -S04~ Sulpho
exchangers Diextran ~CH,S0,- Sulphomethy]
Palystyrene ~CH,CH,CH.50, Sulphopropyi
Weak anion Agarose ’
exchangers Cellulose ~CH,CHN'H," Aminpethyl
Dextran ~CH,CH,NYCH,CIL,), Diethylaminosthyl
Polystyrenc
Strong anfon | Cellulose ~CH,N%{CH,), Trimethylaminomethyl
exchangery Dextran ~CH,CH, N*(CH,CH,), Triethylaminoethyl
Folystyreng —CH,N"(CH,),CH,CH,OH - Dimethyl- '
Zhydroxyethylaminomethy]
~CH,CH,NY(CH,CH,),CH,CHCH,OH | Dicthyl-2-
L hydroxypropylaminpethyl

Table : Different types of ion exchangers and their cherical nature

Generally resin based ion exchangers are used for separation of low molecular
weight biomolecules and cellulosic jon exchangers are more suitable for isolation
of macromolecules (for eg; proteing and nucleic acids).
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7.4.2 Principle

Ton exchangers should be precycled to get an appropriate charge and their
complete swelling. An anion exchanger is at first should be treated with alkali and
then with acid and finally washed with water till it is neutral. On the other hand,
cation exchanger is first given the acid treatment and then alkali freatment and
finally washed with water till neutral, After precycling, the ion exchanger is packed
into -a column and is equilibrated with
counter ion by passing 2-3 bed volumes
of starting buffer of a required pH. In

Positively charged ~  case of an anion exchanger, Tris-HC| -
| protein binds to it + s

negatively charged l;qff::r arf:j for cation exchanger K* or I?Ia .

baand buffer is used. The process of jon

exchange takes place in different steps.
For example, the ion exchanger has
positive fixed fons which are balanced by
negatively charged counter ions. After the
Nagatively charged -addition of sample containing mixture of
| protain flows compounds on the top of the exchanger
)i (rough bed, the solute molecules having charge
similar to that of the counter ions (i.e.
negative ions in this case) get exchanged
with the counter ions and bind. reversitily
but strongly to the ion exchanger.
- Different compounds are bound with
different strengths, Strength of binding depends upon the degree of the charge and
the density of the charge (amount of charge per unit volume of the molecule) of the
solute. The other solute particles (i.e. positively charged and neutral) have no affinity
for the stationary phase and are washed down along with-the starting buffer. The
bound solute molecules are then released in succession by altering pH or ionic
strength of the elution buffer, This sort of elution is known as gradient elution. (Eig.
7.6)

Stepwise (discontinuous) or continuous gradient may be applied but continuous
gradient is preferred because it gives better resolution and less tailing. Generally,
with anion exchanger a buffer with increasing pH and increasing ionic sirength but

Fig. 7.6 Beads showing binding capability
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with cation exchanger a buffer with decreasing pH and increasing ionic strength
gradient is employed for desorption of bound substances, In both cases increasing
ionic strength displaces the bound substances while change in pH on either side
would bring the pH of the bound substance to isoelectric point where the substance
will have no net charge and so it will get detached from the ion exchanger and will
be eluted. The ion exchanger can be regenerated by again passing the starting buffer
continuously. The eluted droplet was collected either manually or by using fraction
collector. The protein content of the eluted amount was determined either by
spectrophometer or by Folin Lowry method. (Figs. 7.7 & 7.8).

Gradient elution : This is of two types.

(i) Discontinuous gradient: This is also known as stepwise gradient, In this
.method, a fixed volume of the mobile phase of a particular pH, ionic strength
or polarity is passed through the column. This is then followed by elution
with fixed volume of mobile phase of different composition and thig process
of developing the column with definite volumes of mobile phase of changing
composition is continued, Here, the polarity, the pH or the ionic strength of
the eluent is changed in a stepwise manner and at every step, the change is
rather abrupt.

(ii) Continuous gradient: In this method, the composition of the eluent is changed
at a steady and constant rate. This can be done by using a gradient maker
which-is composed of two vessels of equal diameter with an outlet tube at
their base. They are connected by a Teflon tube having an adjustable screw
type pinch cock. The recipient chamber is connectéd to the column via teflon
tubing having a pinch cock. In the beginning, both the pinch cocks are tightened
and the two eluents of different pH, ionic strength or polarity are poured into
each of the two vessels, The recipient chamber generally contains the starting
buffer, The solution in the recipient chamber is continuously stirred using a
magnetic stirrer, Both the pinch cocks are opened. As the eluent from the
recipient vessel starts flowing into the column, the same volume of the eluent
from the donor chamber enters into the recipient chamber where it is mixed
by the stirrer, In this way, the pH, the ionic strength or polarity of the buffer
in the recipient chamber changes continuously at 2 constant rate depending
upon the composition of the eluent in the donor chamber, (Fig 7.5)
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more highly charged molecules are more
tightly bound to the resin and so travel
slowly and arc eloted later.

moaderately  charged mui:nule:
equilibrating between the resin and the |
moving buffer raare readily

Less charged molecules bind less
strongly to the resin, equilibrate with the
moving buffer more readily, and so travel
rapidly and are eluted sooner

7.5 SDS-PAGE (Sodium Dodecyl Sulphate-Polyacrylamide Gel
Electrophoresis)

7.5.1 Introduction

Electrophoresis is the study of movement of charged particles in an electric
field, This method pioncered by A. Tiselius in 1937 was a moving boundary
electrophoresis where electrophoresis was carried out in buffer solution. But the
demerits of this method were sample diffusion and mixing of sample components
due to convection .of currents. These limitations have been overcome in zone
electrophoresis where a buffer saturated solid matrix is used as an electrophoretic

medium in place of a buffer solution, The sample is apphed onto the medium as a
" narrow zone or band and the molecules with different mobilities travel as a distinct
zones which gradually separate from each other. This technique is widely used for
separation and analysis of a large number of bmmulaculca such as amino acids,
peptides, proteins, nucleotides and nucleic acids.
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7.5.2 History

® 1930s - first reports of the use of sucrose for gel electrophoresis

® 1955 - introduction of starch gels, mediocre separation

@ 1959 - introduction of acrylamide gels (Rdymond and Weintraub):
accurate control of parameters such as pore size and stability

® 1964 - disc gel electrophoresis (Ornstein and Davis)

® 1969 ~ introduction of denaturing agents especially SDS separation of

protein subunit (Weber and Osbom)
Ty Pnnmple of electrophoresis

Any charged ion or molecule migrates when placed in an electrical field. The
rate of migration of a compound depends on its net charge, size, shape and the
applied current. This can be represented by the equation, The movement of a charged
molecule in an electric field is often expressed in terms of electrophoretic mobility -
which is defined as the velocity per unit of electric field. Thus ‘electrophoretic
mobility of a molecule is. directly proportional to the charge density (charge /mass
ratio). Molecules with different charge/ mass ratio migrate under the electric field

- - at different rates and hence get separated.

7.5.3 Polyacrylamide gel electrophoresis (PAGE)

Electrophoresis in polyacrylamide gel is thq,most widely used lechmqu: for the
analysis and characterization of proteins and nucleic acids. Use of pﬂ!yacrylmﬂe;
gels has several advantages because it is chemically inert, gives superior resolution;.
is amendable to preparation of gels with wide range of pore sizes and that the gels
are stable over a wide range of pH, temperature and ionic strength. Polyacrylamide
gel is prepared by polymerization of acrylamide monomers into long chains and
cross-linking these by bifunctional reagents like N,N’-methylene. bisacrylamide.
Polymerization is initiated by ammonium persulfate or riboflavin. N, N, N*, N’-
tetramethylene diamine (TEMED) catalyses formation of free radicals from persulfate
which in turn initiate polymerization. In the case of riboflavin-TEMED system,
light causes photodecomposition of riboflavin and production of necessary free
radicals. Oxygen inhibits polymerization. Gel solutions have, therefore, to be degassed
prior to the polymerization step. The pore size of polyacrylamide gels can be varied
by changing total concentration of acrylamide and bis-acrylamide monomers in a
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fixed volume of gelation solution. Gels ranging from 3 to 30% acrylamide
concentration can be made and these can be used for separation of molecules of size.
upto 1x10° Daltons. A gel with low percentage has larger pore size and is suitable
for separation of high molecular weight compounds and a high percentage gel has
smaller pore size and is used for separation of relatively low molecular weight
compounds. Alternatively, gels of different pore sizes may be prepared by varying
the relative concentrations of acrylamide and bis-acrylamide. Gradient gels with

lincar gradients of increasing acrylamide concentration give better resolution and
are quite commonly used. -

If the proteins are denatured and put into an electric field, they will all move
towards the positive pole at the same rate, with no separation by size. So we need
to put the proteins into an environment that will allow different sized proteins to
move at different rates. The environment of choice is polyacrylamide, which is a
polymer of acrylamide monomers. When this polymer is formed, it tums into a gel
and we will use electricity to pull the proteins through the gel so the entire
process is called polyacrylamide gel electrophoresis (PAGE). A polyacrylamide gel
is not solid but is made of a laberynth of tunnels through a meshwork of fibers
(Fig.7.9).

polyacrylamide gel tunnels of different dtamewm _

Fig. 7.9. 'This cartoon shows a slab of polyacrylamide (dark pray) with tunnels (different sized red
rings with shading to depict depth) exposed on the edge, Notice that there are many
different sizes of wnnels scattered randomly throughout the gek
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7.6 SDS-PAGE (Polyacrylamide gel Electrophoresis)
7.6.1 Principle

The widely used electrophoretic mﬁthﬂd the SDS-PAGE was d&velupcd by
Laemmli, This is a discontinuous system consisting of two continuous, but distinct
gels: a resolving or separating (lower) gel and a stacking (upper) gel. The two gels
are cast with different porosities, pH and ionic strength, In addition, different mobile
ions are used in the gel and electrode buffers. The buffer discontinuity acis to
concentrate large volume samples in the stacking gel, resulting in beiter resolution
than is possible using the same sample volumes in the gels without stackers. Proteing
once concenirated in the stacking gel, are separated in the resolving gel. The Laemmii
SDS-PAGE system is made up of four components. From the top of the cell
downward, these are the electrode buffer, the sample, the stacking gel, and the
resolving gel. Samples prepared in low conductivity buffer (0,06 M Tris-Cl, pH 6.8)
are loaded bétween the higher conductivity electrode (0.025 M Tris, 0.192 M Glycine,
pH 8.3} and stacking gel (0.125 M Tris-Cl, pH 6.8) buffers, When power is applied,
a voltage drop develops across the samplé solution which drives the proteins into
the sin'ﬁking gel. Glycine ions from the electrode buffer follow the proteins into ﬂ'.m:r
stackinggel. A moving boundary region is rapidly formed with the highly mobile
chloride ions in the front and the relatively slow glycinate ions in the rear, A
localized high-voltage gradient forms between the leading and trailing ion fronts,
causing the SDS-protein complexes to form into a thin zone (stack) and migrate
between the chloride and glycinate phases. Within broad limits, rega;rdlnss of the
height of the applied sample, all SDS-proteins condense into a very narrow region .
‘and enter the resolving gel as a well-defined, thin zone of high protein density, The
large pore stacking gel (4% T) does not retard the migration of most proteins and
serves mainly as an anticonvective medium. At the interface of the stacking and
resolving gels, the proteins experience a sharp increase in retardatio due to the
restrictive pore size of the resolving gel. Once in the resolving gel, proteins continue
to be slowed by the sieving of the matrix, The glycinate ions overtake the proteins,
which then move in a space of uniform pH (ph 9.5) formed by Tris and glycine.
Molecular sieving causes the SDS- pulypepudc complexes tu scpamle on the basis
~of their molecular weights.
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Since we are trying to separate many different protein molecules of a variety of
shapes and sizes, we first want to get them to be linear so that the proteins no longer
have any secondary, tertiary or quaternary structure (i.e. we want them to have the
same linear shape). Consider two proteins that are each 500 amino acids long but
one is'shaped like a closed umbrella while the other one looks like an open umbrella.
If you tried to run down the street with both of these molecules under your arms,
which one would be more likely to slow you down, even though they weigh exactly
the same? This analogy helps point out that not only the mass, but also the shape
of an object will determine how well it can move through and environment. So we
need a way to convert all proteins to the same shape—we use SDS. (Fig. 7.10)

BEFORE SDS

Flg. 7.10. This cartoon depicts what happens to a protein (pink line) when it is incubated with the
denaturing detergent SDS. The top portion of the figure shows a protein with negative and
positive charges due to the charged R-groups of the particular amino acids in the protein,
The large H represents hydrophobic domains where non polar R-groups have collected

_in an attempt to get away from the polar water that surrounds the protein. The bottom
portion shows that SDS can break up hydrophobic dreas and coal proteins with many -
negative charges which overwhelms any positive charge in the protein due to positively
charged R-groups. The.resulling protein has been denatured by SDS (reduced to its
primary structure) and as a resull has been genearized,
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SDS (sodium dodecyl sulfate) is a detergent (soap) that can dissolve hydrophobic
molecules but also has a negative charge (sulfate) attached to it. Therefore, if a cell
is. incubated with SDS, the membranes will be dissolved and the proteins will be
soluiblized by the detergent, plus all the proteins will be covered with many negative
charges. So a protein that started out like the one shown in the top part of figure
7.10 will be converted into the one shown in the bottom part. The end result has two
important features : 1) all proteins contain only primary structure and 2) all proteins
have a large negative charge which means they will all migrate towards the positive
pole when placed in an electric field. Now we are ready to focus on the second half
— PAGE. The solution of proteins to be analyzed is first mixed with SDS, an anionic
detergent which denatures secondary and non-disulfide-linked textiary structures,
and applies a negative charge to each protein in proportion to its mass. Without
SDS, different proteins with similar molecular weights would migrate differently
due to differences in mass charge ratio, as each protein has an isoclectric point and
molecular weight particular to its primary structure. This is known as Native PAGE.
Adding SDS solves this problem, as it binds to and unfolds the protein, giving a
near uniform negative charge along the length of the polypeptide.SDS bind in a ratio
of approximately 1.4 g SDS per 1.0 g protein (although binding ratios can vary from
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1.1-2.2 g SDS/g protein), giving an approximately uniform mass:charge ratio for
most proteins, so that the distance of migration threugh the gel can be assumed to
be directly related to only the size of the protein. A tracking dye may be added to
the protein solution to allow the experimenter to track the progress of the prﬁmin
solution through the gel during the electrophoretic. run, (Fig 7.11)

Fig. 7.11, Picwre of an SDS-PAGE. The molecular marker is in the lefi lane

There are two layers of gel, namely stacking or spacer gel, and resolving or
separating gel. .

7.6.2 Stacking gel _ .

The stacking gel is a large pore polyacrylamide gel (4%). This gel is prepared
with Tris buffer pH 6.8 of about 2 pH units lower than that of electronhoresis buffer.
Proteins are concentrated to several folds and a thin starting zone is achieved in a
few minutes. This gel is cast over the resolving gel. The height of the stacking gel
region was always maintained more than double the height and the yolume of the
sample fo be applied.

7.6.3 Resolving gel
The resolving gel is a small pore polyacrylamide gel (3-30%). The Tris buffer -
used is of pH 8.8. In this gel, macro molecules separate according to their size. In
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- the present experiment, 8%, 10% and 12%, Resolving gel were used for separating
different range of proteins. 8% gel for 24-205 kD proteins, 10% gel for 14-205 kD
proteins and 12% gel for 14-66 kD proteins
7.6.4 Cliemical ingredients

® Tris (tris (hydroxy methyl) aminurrieﬁlann} (C,H, \NOy; mw : 121,14). It has
been used as a buffer because it is an innocuous substance to most proteins.

s pKa is 8.3 at 20°C and reasonably a very satisfactory buffer in the pH
range 7.0-9.0. i

® Glycine (Amino Acetic Acid) (C,H,NO,; mw : 75.07). Glycine has been
used as the source of trailing ion or slow ion because its pKa is 9.69 and
mobility of glycinate are such that the-effective mobility can be set at a value
below that of the slowest known protsins of net negative charge in ‘the pH
range. The minimum pH of this range is somewhere around 8.0,

® Acrylamide (C,H,NO; mw : 71.08), It is a white crystalline powder. While
dissolving in water, auto polymerisation of acrylamide takes place. It is a

head on tail fashion. But in presence of free radicals generating system,
acrylamide monomers are activated into a free-radical state. These activated
monomers polymerise quickly and form long chain polymers, This kind of
reaction is known as Vinyl addition polymerisation. A solution of these polymer
chains becomes viscous but does not form a gel, because the chaing simply
slide over one another, Gel formation requires hooking various chains together,
Acrylamide is a neurotoxin. It is also essential to store acrylamide in a cool
dark and dry place to reduce antopolymerisation and hydrolysis.

@ Bisacrylamide (N, N'-Methylenebisacrylamide) (C;HoN,0,; mw : 154.17).
Bisacrylamide is the most frequently used cross linking agent for poly acryl-
amide gels. Chemically it is thought of having two-acrylamide molecules
coupled head to head at their non-reactive ends, Bisacrylamide was preserved

- at 4°C. ' | :

® Sodium Dodecyl Sulfate (SDS) (C,,H,,NaO,S; mw : 288.38), SDS is the
most common dissociating agent used to denature native proteins to individual
polypeptides. When a protein mixture is heated to 100 °C in presence of SDS,
the detergent wraps around the polypeptide backbone, It binds to polypeptides
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in a constant weight ratio of 1.4 g/g of polypeptide. In this process, the
intrinsic charges of polypeptides becomes negligible when compared to the
negative charges contributed by SD5. Thus polypeptides after treatment
becomes a rod like structure possessing a uniform charge density, that is same
net negative charge per unit length. Mobilities of these proteins will be a
linear function of the logarithms of their molecular weights.

® Ammonium persulfate (APS) (N,HgS,05 mw : 228.2). APS is an initiator *
for gel formation.

e TEMED (N, N, N', N'-tetramethylethylenediamine) (CH;JN,; mw : 116.21).
Chemical polymerisation of acrylamide gel.is used for SDS-PAGE. It can be
initiated by ammonium persulfate and the quaternary amine, N, N, N’, N'-
tetramethylethylenediamine (TEMED). The rate of polymerisation and the
properties of the resulting gel depends on the concentration of APS and
TEMED. Increasing the amount of APS and TEMED results in-a decrease in
the average polymer chain length, an increase in gel turbidity and a decrease
in gel elasticity. Decreasing the amount of initiators shows the reverse effect,
The lowest catalysts concentrations that will -allow polymerisation in the
optimal period of time should be used. APS and TEMED are used,
approximately in equimolar concentrations in the range of 1 to 10 mM.,

1.6.5 Chemicals for processing and visuslization

The following chemicals are used for processing of the gel and the protein
samples visualized in it :

@ Bromophenol Blue (BFB) (3, 37, 5’ 5*_Tetrabromophenolsulph-
onephthalein) (C,gH,Br,05S; mw : 669.99). BPB is the universal marker
dye. Proteins and nucleic acids are mostly colourless. When they are subjected
to electrophoresis, it is important to stop the run before they run off the gel.
BPB is the most commonly employed tracking dye, because it is viable in
alkali and neutral pH, it is 2 small molecule, it is ionisable and it is negatively
charged above pH 4.6 and hence moves towards the cathode. Being a small
molecule it moves ahead of most proteins and nucleic acids. As it reaches the
cathodic end of the electrophoresis medium electrophoresis is stopped. It can’
bind with proteins weakly and give blue colour, '
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& Glycerol (C,H,0,; mw : 92.09). It is a preservative and a weighing agent,
Addition of glycerol (20-30 or J0%) is often recommended for the storage of
enzymes, Glycerol maintains the protein solution: at very low temperature,
without freezing, It also helps to weigh down the sample into the wells
without being spread while loading.

® Coomassie Brilllant Blue (CBB) (C,H,,N,Na0,S,; mw : 825.97), CBE is
the most popular protein stain, It is an anionic dye, which binds with proteinsg
non-specifically, The structure of CBB is predominantly non-polar, So is
usually vsed (0.025%) in methanolic solution (40%) and Acetic Acid (7%).
Proteins in the gel are fixed by acetic acid and simultaneously stained, The
excess dye incorporated in the gel can be remaved by destaining with the
same solution but without the dye. The proteins are detected as blue bands
on a clear background. As SDS is also anionic, it may interfere with staining
process. Therefore, large volume of staining solution is recommended,
approximately ten times the volume of the gel, .

@ Butanol (C,H,,0; mw; 74.12), Water saturated butanol s used as an overlay
solution on the resolving gel.

® 2-Mercaptoethanol (HS-CH,CH,OH; mw : 78.13),

7.6.6. Apparatus

It consists of a power pack and an electrophoresis unit, The power pack supplies
a stabilized direct current at controlled or required voltage and cusrent output, The
electrophoresis unit contains the electrodes, buffer reservoirs-and gel casting assembly.
Initially, electrophoresis in polyacrylamide gels was carried out in cylindrical rods

of gel in glass tubes (~7 mm in diaméter and 10 em in length) which were then fixed .

in a specially designed apparatus. Now, slab gel, (0.75-1.5 mm thick), in which the
gel is in the form of a rectangular or square flat slab, is more commonly used. Two
types of slab gel apparatus are available-horizontal and vertical, the latter is usually
more preferred. Slab gels have advantage over rod gels since a number of samples
can be co- electrophoressed under identical conditions on a single gel so that band

“ patlerns can be directly compared, On the other hand only one sample can be loaded
onto each gel rod, Also, the heat produced during electrophoresis is more casily
dissipated by thin slab gels as compared to thick rod gels thus reducing distortion
of bands due to heating (Fig. 7.12).
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Buffers for SDS-Polyacrylamide gel electrophoresis’

(a) Continuous system .
Resolving gel buffer
0.1 M sodium phosphate, pH 7.2
~ Reservoir buffer
0.1 M. sodium phosphate, pH 7.2
[ - 0.1% SDS
(b) Discontindous system |
Stacking gel buffer
0.125 M Tris+HCI, pH 6.8
Resolving gel buffer
' - 0375 m Tris-HCl, pH 8.8
Reservoir buffer
0.025 M Tris
0.192 M glycine
0.1% SDS
pH 8.3 -
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18.7 Snll_lﬁuns for SDS-PAGE

Stacking gel : 0.5 M Tris-HCl+ 30: 0.8 Acryl: Bisacryl 4 10% SDS 4
' 10%APS + TEMED+H,0
Resnljfing gel; 1.5 M Tris-HCI (pH 8.8) + 30: 0.8 Acryl: Bisacryl +
10% SDS + 10%AFS + TEMED +H,0
Running buffer; 0.025 M Tris + 0.192 M Glycine + 0.1 % SDS (pH 8.3)

2X Laemmli buffer : 50% glycerol + 10% SDS + 0,312 M tris-HCI.
7.6.8 Applications :

Gel electrophoresis is used in forensics, molecular biology, genetics, microbiology
and biochemistry, The results can be analyzed quantitatively by visualizing the gel
with UV light and a gel imaging device. The image is recorded with a computer
operated camera, and the intensity of the band or spot of interest is measured and
compared against standard or markers loaded on the same gel, The measurement
and analysis are mostly done with specialized software,

Negative
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Fig. 7.12 An illustration of an apparatus used for SDS PAGE
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Depending on the type of analysis being performed, other techniques are often
implemented in conjunction with the resulis of gel electrophoresis, providing a wide
range of field-specific applications.

7.7 Affinity Chromatography

7.7.1 Process of affinity chromatography

Affinity chromatography is a type of adsorption chromatography in which the
substance to be isolated is specifically and reversibly bound to a complementary
binding substance (ligand) immobilized on an insoluble chromatographic bed material
(matrix). The other substances in the mixiure remain unbound and are, therefore,
washed away while the substance of interest (the bound substance) is subsequently
recovered by displacement from the ligand cither by specific (affinity) elution or by
non-specific (¢hange in pH or ionie concentration) elution. Affinity chromatography
is based on utilization of specific biochermical property of a protein and not simply
the physicochemical characters and so the separation is of high purification grade,

Some proteins have a characteristic property of binding tightly with certain
molecules but not by forming covalent bonds. These proteins can be purified by
affinity chromatography taking advantage of their binding affinity. A molecule called
ligand, with which the concerned protein binds, is first covalently bound to an inert
and porous matrix. The desired protein will be bind with this ligand when the
sample solution will pass through the chromatographic material while other substances
will wash through the column with buffer solution. An appropriate chaﬁge in:the
elution conditions that will release the protein from chromatographic matrix will |
yield recovery of the protein of interest in highly purified form., Affinity
chromatography is based on utilization of specific biochemical property of a protein
and not simply the physicochemical characters and so the separation is of high
purification grade. ‘ : '

For affinity chromatography matrix must be chemically inert so that it does not
react with and alter the protein to be purified. It must have high porosity with large
number of functional groups that may form covalent linkages with the ligand. Agarose,
one of several such materials that have the said properties, has number of free
hydroxyl groups and so is most widely used. There are number of commercially
available materials having such properties, like Sepharase or CL- Sepharose. If the
ligand contains a primary amino group which is not required for it's binding to the
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concerned protein, then such a ligand can be linked with agarose in two steps :

l. Agarose is reacted with cynoen bromide(CNBr) and thus a stable and activated
intermediate is formed, and

2, Ligand is allowed to react with activated agarose to form a covalently bound
product, )

Many proteins do not bind with the cyanogens -bromide coupled ligands. This
is due to the steric interference with the agarose matrix, So, a spacer arm is almost
always inserted between the matrix and the ligand so that the large molecules can
reach the binding sites. If the spacer are tao small the hindrances may continue and
if too long the undesirable non-speeific adsorption, specially of hydrophobic
compounds, may occur. Practically a spacer arm of 2-10 carbon atoms proves to
be optimum. An appropriate diamine (eg., diaminobutane dihydrochloride or
hexamethy! diamine ( cyanogens bromide) is coupled to agarose by aming alkylation.
The resulting product is coupled with the ligand depending on functional groups of
ligand. The ligand used in affinity chromatography for a given protein should have
- enough affinity to bind and thus to immobilize the protein in agarose gel but only
to the extent that the protein must subsequently be released. If the ligand is a
substrate for an enzyme that has to be separated, the chm:hatugraphic conditions

must prevent the catalytic action of enzyme or otherwise that would destroy the
ligand.

Adter the process of binding the protein with affinity chromatographic column
and the washing to remove impurities is over, the protein has to be released from
the column. There are two ways : ;
1. The column may be eluted with a solution containing a compound with
higher affinity to the protein binding site that the bound ligand, so that ligand
bound protein is set free by being substituted by the latter compound

2. The alteration in the solution conditions to end the protein-ligand complex
stability may be brought by changing pH, ionic strength and also the
temperature. ' : )

Care must be taken to protect the desired protein from any irreversible damages,
7.7.2 Uses and applications of affinity chromatography

It has been used to isolate a wide array of proteins ranging from enzymes to
hormone receptors, and sometimes even complete cell. The proteins have also been
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used the other way round e.g., insulin when covalently bound with agarose, is used -
to separate insulin receptors that have the affinity of temporarily binding with insulin,
The hormone receptors are proteins attached to the surface of target cells and occur
in very small amounts and hence there properties are almost unknown. Thus the
efficiency and uvtility of chromatography for isolation of protein, which allows the
separation of even difficult proteins in a single step as compared with eatlier methods
involving several steps with a yet purer and larger yield, is unquestionable,

A large number of biospecific ligands can be employed. Practically it is possible
to select a ligand which displays absolute specificity and binds exclusively with one
particular compound only. It is also possible to select 4 ligand which displays group
specificity e,g. for the purification of enzymes a subsirate analogue, or an inhibitor,
a cofactor or an activator can be used as ligand while a specific receptor or a carrier
protein can be used for the purification of vilamins and hormones. Antigen-antibody
interactions can be exploited for the purification of either of these. Similarly for
nucleic acid purification a complementary base sequence or histones and for lectins,
cell surface receptors or polysaccharides can be successfully employed s ligands.
But before selecting a ligand, two atiributes should be kept in mind that

1. the ligand must exhibit specific and reversible binding with the substance to
be purified and .

2, it must have chemically reactive function groups which allow it to be attached
to the matrix without destroying its binding activity with the substance of
interest, e : :

If several functional groups are available, the ligand should be coupled with the
matrix via the group least likely to be involved in its specific interaction with the
molecule to be isolated, The most: common such groups are -NH,, ~COOH, -SH
and —OH. i

An ideal matrix to which the ligand is covalently bound must possess the
following attributes : '

(i) It must possesses suitable groups to which lignd can be covalently coupled.
Many groups may be introduced into matrix in order to couple ligand. They
may be nucleophilic as NH, SH, OH or electrophilic such as activated acid
chlorides, carbonyls activated by carbodimide, isothiocyanate, or diazonium
salts. , §
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(1) It must remain unchanged under the conditions of attachment of ligand,

(iii) Du_.u-ing the binding of the macromolecule and its subsequent displacement
from the ligand, it must refain its physical and chemical stability,

(iv) It must not exhibit nonspecific adsorption.

(v) It should have an open pore structure,

The most commonly used matrices are cross-linked dextrans (e.g, Sephacryl),
agarose (e.g.” Scpharose), polyacrylamide gel (Bio gel P), polysterene, cellulose,
porous glass and silica. Sepharose is a bead-form of agarose gel which displays
virtually all features required of a successful matrix for immobilizing biclogically
active molecules. The hydroxyl groups on the sugar residues can be easily derivatized
for covalent attachment of a ligand.

Affinity chromatography occupies a unique place in separation technology since
it is the only technigue which enables purification of almost any biomolecule on the
basis of its biological function. The principle of affinity chromatography has been
extended to purify a large number of enzymes, other proteins including
immunoglobulins, receptor proteins and nucleic acids, Poly (U) Sepharose 4B, poly
(A) Sepharose 4B and immobilized single stranded DNA have been successfully
used to isolate mRNA, viral mRNA and compiementary RNA and DNA, respectively.

The technique of affinity chromatography has also been successfully employed
for the separation of a mixture of cells into homogenous populations where it relies
either on the antigenic properties of the cell surface or on the chemical nature. of
exposed carbohydrate residue on the cell surface or on a specific membrane reoeptﬂr
ligand interactions.

Some useful application of afﬁmty chmmntagrnphy

1. Dye ligand chromatography : A number of proteins including mterfcrun.
plasminogen and restriction endonucleases can be purified by this method. In
this technique, immobilized cibacron blue (cne of the friazine dyes) is used
as ligand to purify proteins. The ionic group and the conjugated ring system
of the ligand bind with catalylic or effector site of some proteins and so can
be exploited to purify such proteins.

2. Metal affinity chromatography: Metals such as'Zn?*, Cu?t, Cd%, Hg?, Co*
and Ni** are immobilized by chelation using either iminodiacetic acid or tris
(carboxymethyl) ethylene diamine. Binding of proteins with such metals is
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pH dependent. The proteins having similar molecular weights and isoelect; o
points can be best separated by this technique if they have the differential
binding affinity for metal ions, The bound proteins can be eluted ejther by
changing the pH or ionic strength of the buffer. Proteins such as fibrinogen,

superoxide dismutase and non-histone nuclear proteins can be purified by this
method.

3. Covalent chromatography: In this technique, a covalent bond (e.g, disulfide
bond) is formed between the immobilized ligand and the protein to be isolated.
Ligands like thioprophl Sepharose and thiol Sepharose are used to purify
proteins having large number of thiol groups such as papain and urease, The
bound protein is then eluted either by ditiothreitol or cysteine. The larger the
number of thiol groups on the protein to be isolated, better is the separation.
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Step 1. An immunoadsorbent 1s prepared. This consists of a solid matrix to which
the antigen has been coupled (usually covalently). Agarose, sephadex,
derivatives of cellulose, or other polymers can be »ced as the matrix.
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Step 2, The serum is passed over the immunoadsorbent, As long as the capacity
of the column is not exceeded, those antibodies in the mixture specific for
the antigen (shown in red) will bind (noncovalently) and be retained.
Antibodies of other specificities (green) and other serum proteins (yellow)
will pass through urimpeded.

Step 3. Elution. A reagent is passed into the column to release the antibodies
from the immunoadsorbent. Buffers containing a high concentration of
salts and/or low pH are often used to disrupt the noncovalent interactions
between antibodies and antigen. A denaturing agent, such as 8 M urea,
will also break the interaction by altering the configuration of the antigen-
binding site of the antibody molecule. Another, gentler, approach is to
clute with a soluble form of the antigen. These compete with the
immunoadsorbent for the antigen-binding sites of the antibodies and release
the antibodies to the fluid phase, :

Step 4. Dialysis. The eluate is then dialyzed against, for examplé, buffered saline
in order to remove the reagent used for elution,

7.8 High Performance (Pressure) Liguid Chromatography
7.8.1 Principle ;

- Separation in High Performance Liquid Chromatography or High Pressure Liquid
Chromatography (HPLC) is obtained on the basis of partitioning, adsorption, ion
exchange or molecular sieving phenomena, The conventional column chromatography
suffers from two major drawbacks; namely it is generally time consuming process
and quality of resolution is poor, Generally resolution of individual components can
be improved by decreasing the particle size of stationary phase. But in conventional
‘column chromatography, this is not feasible bepause the use of finer gel material
will further lower the permeability of the column contributing to decreasing flow
rate there by providing greater time for band broadening. The resistance to flow of
mobile phase can be overcome by the use of high pressure, Recently, Stationary
phases of smaller particle size which can withstand high pressures, have been
developed, which has facilitated the development of a new chromatographic technique
called HPLC, which gives faster and superior resolution with sharp and compact
peaks. The basic HPLC equipment includes : (i) solvent reservoir (ii) pump
(iii) damping device (iv) pressure gauge (v) sampling device (vi) column (vii) detector
(viii) fraction collector and (ix) recorder, '
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7.8.2 Process

The pump delivers the solvent from the reservoir at a constant flow which is
smoothed out by means of damping device. A safety valve is generally incorporatad
at a place where maximum pressure develops (normally after the pump). From the
damping unit the mobile phase flows via sample injector into the column. The inlet
pressure of the column is monitored with a manometer. After leaving the column,

the sample components are monitored by the detector and their tracings drawn by
the recorder.

-

7.8.3 Solvent reservoir

Solvents contain substantial amount of dissolvent air. Formation of air bubbles
can seriously interfere with satisfactory separation by HPLC because the air bubbles .
affect the column efficiency and also the solute detection, Thus some of the
conventional solvent reservoirs are equipped with degasifiers, In these the solvent
reservoir is provided with a heater, temperature regulated magnetic stirrer or a
condenser. Alternatively, solvent can also be degassed by heating, stirring, subjecting
it to vacuum, ultrasonic vibrations or bubbling helium gas before pouring into the’
reservoir. The solvent used in HPLC must be of high purity as any traces of impurities
or suspended material can seriously affect the column efficiency and can interfere
with the deteetion system, Introduction of a 1-5 pm microfilter can be done prior
to the pump to prevent any particulate impurities from entering into the column,

7.8.4 Pumps

In HPLC, the column is quite narrow and is packed with superfine particles.
There is a high resistance to flow of solvent and high pressures are, therefore,
required to achieve satisfactory and constant flow rates. Therefore, a good pumping
system which delivers pulse free solvent flow up to 20 ml/min at pressures upto
300-400 atmospheres is one of the most important features in HPLC. All materials
in the pump should be chemically resistant to all the solvents used 'in HPLC.

Various pumping systems operate on the principle of either constant pressure or
constant displacement.

Constant pressure pumps facilitate delivery of the solvent at a constant pressure.
A pas at high pressure is introduced into the pump which forces, in turn the solvent
from pump into he column, Constant pressure is maintained through out, which
causes a decrease in permeability of the column with time which in turn results in
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decreased flow rates, Such pumps do not compensate for this decrease in flow rate
and so provide uniform and pulse Iess solvent flow.

The second types of pumps are the constant displacement pump. Such pumps
displace a constant amount of the solvent from the pump into the column and so
maintain a constant flow rate imespective of the changing conditions within the
column. These pumps produce small pulses of flow between two displacements and
so pulse dampeners are usually introduced between the pump and the column to
smoothen the flow and to minimize the pulsing effect. Two commonly used constant
displacement pumps are—

(i} motor driven syringe type pump and

(ii) reciprocating pump which deliver a fixed and consfant volume of the solvent
onto the column at each stroke.

7.8.5 Sampling device

Sample can be introduced into the column either by a syringe injection through
‘a septum of an injection port into eluent stream or by a sample loop from which it
is swept into the column by the eluent. The sample is loaded directly on top of the
column to avoid appreciable mixing of the sample with the eluent. In the syringe
injection mode, the sample is injected with the help of a micro syringe directly onto
the column bed. The system should not be under pressure while loading the sample,
So, before applying the sample the pump is turned off and when the pressure is
dropped near atmospheric pressure, the sample is introduced. After the sample hds
been injected, the pump is switched on again, This process is known as stop flow
injection, '

The other type is loop injection. In this method, sample is introduced with the
help of a metal loop of fixed small volume. The loop is filled with the sample and
by the appropriately adjusting the sample valve, the solvent from the pump is
channeled through the loop. Sample is thus flushed by the solvent from the loop
whose outlet opens directly at top of the column bed, '

7.8.6 Columns

Stainless steel precision bored columns with an internal mirror finish are generally
used for efficient packing. These straight columns of 15-50 em length and 1-4 mm
" diameter can withstand very high pressures of upto 5.5 % 107 Pa and are relatively
corrosion resistant. At the end of the column, homogenously porous plugs of stainless
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steel or Teflon are used to retain the packing matérial and. to ensure the uniform
flow of the solyent through the column, Al times, repeated application of impure
samples such as urine, blood or crude cell extracts results in clogging and the loss
of resolving power of the column. To prevent this, a short column of length of
1-2 cm and internal diameter equal 1o that of analytical column is generally introduced
between the injector and the analytical column, The short column is called guard
column and is packed with material with which analytical column is packed. The -
guard column retains the solid particles in the sample before enters the main column,
The guard columns can be replaced at regular intervals,

1.8.7 Matrices and stationary phases

It should be remembered that packing material which serves as stationary phase
or support for stationary phase should be pressure stable. Three forms of column
packing materials are available based on nature of the rigid solid structure :

(i) Totally porous materials or microporous supports: In these supports the
micropores ramify through particles which are generally 5-10im in diameter.

(ii) Porous layer beads or pellicular supports: these are superficially porous
supports where a thin, porous, active layer is coated onto a solid core such
as impervious glass beads, The thickness of the porous layer is generally 1-
3pm. The size of glass beads used is between 25-50pm,

(iif) Bonded'pliases : The stationary phase is chemically bonded to an inest support
such as silica. The type of particular stationary phase will depend on the
separation principle. =

7.8.8 Detectors )

Detectors are the devices which continuously monitor changes in the composition

- of the eluent coming out of the column, Most commonly used detectors are refractive

index detector, UV detector, electrochemical and flourometric detectors.

a. Refractive index detector (RID) : Refractive index (RI) of dilute solutions
changes proportionately with solute concentration. This relationship is exploited
for quantitative detection of solutes in the colurmn eluate. The relationship
between change of RI and solute conceniration is only moderately dependent
on the type of solute, making this a quite universal, but not very sensitive
detection principle. RID can, therefore, be applied to general purpose. This
detector suffers from many defects including low sensitivity, tendency to be
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affected by temperature or flow speeds and incompatibility for being used in
gradient elution unless chosen solvents are of identical RI. Tt measures the
bulk RI of sample eluent system. Hence any substance whose RI differs
sufficiently from that of eluent can be detected. To attain adequate sensitivity,
the temperature of the eluent and measuring cell is held constant to + 0.001°C,
Variation in fiow rates also interfere with response of differential refractometer,

Hence very good damping is essential for the pumps producing pulsating
flow,

. UV-VIS-absorption detectors ; Absorbance of a solution is proportional to

the concentration of the absorbing solute, the light path length and the extinetion
coefficient (Lambert-Beer’s law), Fixed wavelength detectors utilize lamps
which emit light of a few discrete wavelengths, The most common of these
lamps is the low pressure mercury lamp emitting over 90 percent of its light
at 254 nm, Lower wavelength lamps are available such as zinc lamps
(214 nm) and cadmium lamps (229nm). The combination of the lamp and a-
filter determines the fixed operating wavelength of the detector. Variable
wavelength (V W) detectors use a light source with a continuous emission
spectrum and & continuously adjustable (harrow) band filter, called
monochromator. The most common light source for these detectors is the
deuterium lamp whose usable emission spectrum ranges from about 190 nm
to about 350 nm, with an intensity maximum between 220 and 240 nm.
Above 300 nm, the output intensity is low, therefore, some VW detectors
have an additional or optional tungsten lamp, which can be used at wavelength
above 350 nm. Recently, specially designed VW detectors for HPLC have
been introduced which allow automatic rapid change of wavelength setting
within 1 to 2 seconds or less across their entire wavelength span, which
typically ranges from about 190 nm to about 600 nm.

. Electrochemical detectors : Methods used in HPLC based on electroanalysis

can be classified as bulk property and solute property electrochemical detectors.
Bulk property electrochemical detectors respond to a change in an
electrochemical propcﬁy of the bulk liquid flowing through the measuring
cell, whereas solute property electrochemical detectors respond to a change
in voltage (potentiometry) or current (voltammetry or coulomefry) when an
analyte passes through the cell. The potentiometric detectors have not been
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commercialized. Voltammetric and coulometric detectors on the contrary are
offered by various manufacturers.

d. Fluorescence detectors ; The quantity of fluorescent emitted from excited
molecules in dilute solutions is proportional to intensity of excitation source,
illuminated volume of the sample solution, quantum efficiency of fluorescence
of sample and the concentration of the solute to be detected. Ideally,
fluorescence radiation, as a result of suitable excitation of the sample molecule,
is measured against a dark background. Therefore, the main source of detector
noise is dark current noise of the photodetector, which is mainly determined
by temperature, As a rule for every 10°C increase in temperature the dark
current noise of the photodiode gets doubled. :
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Fig. 7.13 Block diagram showing the components of an HPLC instrument

~The sample to be analyzed is introduced in small volume to the $tream of
mobile phase and is retarded by specific chemical or physical interactions with the
stationary phase as it traverses the length of the column, The amount of retardation
depends on the nature of the analyte, stationary phase and mobile phase composition,
The time at which a specific analyte elutes (comes ouf of the end of the column)
is called the retention time and is considered a reasonably unique identifying
characteristic of a given analyte. The use of pressure increases the linear velocity
(speed) giving the components less time to diffuse within the column, leading to
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Fig. 7.14. An HPLC Setup

improved resolution in the resulting chromatogram. Common solvents uscd include
any miscible combinationis of water or various organic liquids (the most common
are methanol and acetonitrile). Water may contain buffers or salts to assist in the
separation of the ahalyte components, or compounds such as Trifluoroacetic’ acid
which acts as an ion pairing agent.

7.8.9 Types of HPLC
Normal phase chromatography

Also known Normal phase HPLC (NP-HPLC) was the first kind of [PLC
chemistry used, and separates analytes based on polarity. This method uses a polar
stationary phase and a non-polar mobile phase, and is used when the analyte of
interest is fairly polar in nature. The polar analyte associates with and is retained by
the polar stationary phase. Adsorption strengths increase with increase in analyte
polarity, and the interaction between the polar analyte and the polar stationary phase
(relative to the mabile phase) increases the elution time. The interaction strength not
only depends on the functional groups in the analyte molecule, but also on steric
- factors and structural isomers are often resolved from one another. Use of more
polar solvents in the mobile phase will decrease the retention time of the analyles
while more hydrophobic solyents tend to increase retention times, Particularly polar
solvents in a mixture tend to deactivate the column by occupying the stationary
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phase surface. This is somewhat particular to normal phase because it is most purely

an adsorptive mechanism (the interactions are with a hard surface rather than a soft
layer on a surface). '

NP-HPLC had fallen out of favor in the 1970°s with the development of reversed-
phase HPLC because of a lack of reproducibility of retention times as water or
-organic solvents changed the hydration state of the silica or alumina chromatopraphic

- media. Recently it has become useful again with the development of HILIC bonded
phases which utilize a partition mechanism which provides reproducibility. (HILIC :
(Hydrophilic ‘Interaction Chromatography or Hydrophilic Interaction LIquid
Chromatography) is a version of normal phase liquid chromatography where the
chromatographic mechanism for it as one of liquid-liquid partition chromatography,)
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Fig. 7.15. Different chromatography at a glance
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B. Reversed phase chromatography

Reversed phase HPLC (RP-HPLC or RPC) consists of a non-polar stationary
phase and an aqueous, moderately polar mobile phase. One common stationary
phase 1s a silica which has been (reated with RMe,SiCl, where R is a straight chain
alkyl group such as C,;H;, or CgH,,. The retention time is therefore longer for
molecules which are more non-polar in nature, allowing polar molecules to elute
more readily. Retention Time (RT) is increased by the addition of polar solvent to
the mobile phase and decreased by the addition of more hydrophobic solvent.
Reversed phase chromatography (RPC) is so commonly used that it is not uncommon
for it to be incorrectly referred to as “HPLC" without further soecification. The
pharmaceutical industry regularly employs RPC 1o qualify drugs before their
release, RPC operates on the principle of hydrophobic interactions, which result
from repulsive forces between a polar eluent, the relatively non-polar analyte, and
the non-polar stationary phase, The binding of the analyte to the stationary phase
is proporfional to the contact surface arca around the non-polar segment of the
analyte molecule upon association with the ligand in the aqueous cluent, This
solvophobic effect is dominated by the force of water for “cavity-reduction” around
the analyte and the C18-chain versus the complex of both. The energy released in
this process is proportional tg the surface tension of the eluent (water : 73 erglom?,

. methanol : 22 erg/em?) and to the hydrophobic surface of the analyte and the ligand

respectively, The retention can be decreased by adding less-polar solvent (MeOH,

ACN) into the mobile phase to reduce the surface tension of water, Gradient elution ;
uses this effect by automatically changing the polarity of the mobile phase during +
the course of the analysis. :
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Unit 8 7 Immunological Techniques

Structure

8.1 Immuno gel diffusion

8.2 Immunoelectrophoresis

4.3  Rocket Immunoelectrophoresis (Laurell technique)
8.4  Counter Current Immunoelectrophoresis

8.5 Single Radial Immunodiffusion (SRID)

8.6 Agglutination reactions :

8.7 Enzyme Linked Immunosorbant Assay (ELISA)
8.8 Radio Immunoassay

8.1 Immuno Gel Diffusion
8.1.1 Introduction

Quchterlony double immuno diffusion (or agar gel immunodiffusion) is a simple
method which is still considered to be the gold standard for detection of ENAs
(Extractable Nuclear Antigens). A gel plate is cut to form a series of holes in the
gel. An extract of any cells (usually considered as a source of antigen) is placed in
the centre well, The respective serum is then placed in one of the outer wells and
the plate left for 48 hours to develop. During this time the antigens in the central
well migrate in a radial fashion out of the céntre well and the antibodies present in
the serum migrate in a radial fashion out of the outer well. When these two meet
the antibodies will bind to the antigens and form what is known as ani immune
complex. This immune complex precipitates in the gel to give a thin white line,

Precipitation occurs with most antigens because the antigen is multivalent ie.,
has several antigenic determinants per molecule to which antibodies can bind
(epitopes). Antibodies have at least two antigen binding sites, thus large aggregates
or lattices of antigen and antibody are formed. Experimentally, an increasing amount
of antigen 1s added to a constant amount of antibody in solution, initially at low
antigen concentration, all of the antigen is contained in the precipitate. this is called
the antibody-excess zone (Prozone phenomenon), As more antigen is added, the
amount protein precipitated increases until the antigen/antibody molecules are at an
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optimal ratio. This 1s known as the equivalence zone or equivalence point, When the
amount of antigen in solution exceeds the amount of antibody, the amount of
precipitation will decrease. This is known as the antigen excess zone,

The line will give a full identity (continuous
line), partial identity (continuous line with a spur @ ©
coming off one end-like a branch off the main ® ® ®
line) or a non identity where the two lines cross s
completely.

Immuno Gel diffusion slide. Wells are made on agar coated slide. Antiserum are
placed on well 1 and antigen(s) are placed on wells 2-5.

® ®
| (s s Gt
® ® ©

COMPLETE PARTIAL NON- IDENTITY
IDENTITY IDENTITY OF
OF OF A AND C B AND C

A ANTIGENS ANTIGENS ANTIGENS

Fig. 8.1 Banding pattern for identity pattemn analysis

The basis of this method lies in the fact that most antigens when they react with
their antibodies are precipitated as the antigen antibody complex. If antigens and
antibody are allowed to diffuse in opposite direction in a supporting medium they
will form a precipitate at the zone of equivalence of antigen and antibodies forming

a line. If more than two appropriately placed antigens are used and a single antiserum
against both is used one of the following possibilities may occur.

|. The two precipitin lines merge in one another, showing the two antigens are
identical (complete identity)

2. The two precipitin lines cross one another completely showing that the two
antigens are totally different (complete non identity).

3. One of the lines crosses the other but the other does not cross the first
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forming a spur, showing that there is some similarity between the two antigens
though they are not identical (partial |dcnuly)

-.'

Procedure

1gm% solution of Agarose was prepared in normal saline, containing 0.01%
sodium azide, by warming to 70°-80°C. The warm solution was poured on clean dry
glass slide (4ml per slide) and allowed 16 cool and set to form a transparent gel,
Wells of 3mm in diameter were cut in the gel. One of them was filled with antiserum
the other with antigen so that the antigen wells were equidistant from the antiserum
well. The plates were left for 48hr. for development of precipitin bands, The plates
were then repeatedly washed with normal saline air dried for 48hrs, between filter
paper stripes, stained with 1% Amido Black 10B for 10 minutes and finally destained
within 7% acetic acid solution, The destained slides were dried and stored.

Ref. : Ouchterlony O. (1948). In vitro method for testing the toxin producing
capacity of diphtheria bacteria, Acta. Path. Microbiol, Scand, 25, 186

OUCHTERLONY
DOUBLE DIFFUSION

2L Duchterlony Plates Precipltin Patterns
Fig. 8.2 A typical Immunogeldiffusion plate Fig. 8.3 Different precipitation pattern

8.2 Immunoelectrophoresis

This method uses two specific properties of proteins, their - electrophoretic-mobility
and their reaction with their antibody to give a precipitate of the antigen antibody
complex. Antigens are separated on an agarose gel and then allowed to react with
rheir antibody to give a precipitin line as'in immunogeldiffusion.
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8.2.1 Procedure

lgm% solution of agarose was made in 0.05M Tris Glycine buffer pH 8.6
containing 0.01% sodium azide by warming to about to 70°:80°C on a water bath,
The warm solution was poured on clean and dry slide (4ml per slide) so that a thick
layer forms on the slide. The solution was then allowed to cool when it set to form
a lransparent gel. Two wells each 3 mm in diameler were punched 1 cm from the

- median line. The test samples were poured in to these wells. Electrophoresis was
run at a current of 5 mA per slide for 2.5 hr. After electrophoresis.a 3 mm trough

_was cut along the median line and and Tespective antiserum was poured in.to the
trough. The slides were then left in a humid atmosphere in closed petridish for
48 br for development of precipitin lines, The slides were then washed, dried,
stained and destained as described in case of immunogeldiffusion,

Ref. Grabber P and Williums CR (1953) Methods for combined investigation of
electrophoresis and immunochemical properties of a protein. Biophysic Biochem
Acta, 10, 193 oo ' :

8.3 Rocket Immunoelectrophoresis (Laurell technique)

This is similar to single diffusion in agar in that the antisera is incorporated into
the agar which is.then poured onto a large plate to cool, Wells are cut along one end
and filled with standard solutions of the antigen or with the unknown solution. An
electric current is than established across the agar which drives the antigen in the
direction of the current. As before, the antigen precipitates where its concentration
is equal to that in the agar, The height of the “rocket” is proportional to the
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concentration of antigen in the well, and the amount of antigen in the unknown well
is determined by referring to the standard curve,

pracipiin arcs

B B o
siandards unknowng

Fig. 8.5 Rocket Immunoelectrophoresis

8.4 Counter Current, Immunoelectrophoresis

There are situations in which there is a rieed for a rapid identification of a
antigens (pathogen) but is not particularly concerned about the concentration
(eg., identification of potential bacterial meningitis). Countercurrent electrophoresis
is a qualitative technique that answers this purpose. The pH of solutions of antibody
to the antigen of interest (e.p., N. meningitis) and the unknown antigen are adjusted
so they have opposite charges (often about pH 8.2 since bacterial antigens are usually
negatively charged at that pH and immunoglobulins are positively.charged). They are
placed in wells in agar and a current applied across the plate (above). A precipitin line
at the equivalence point identifies the antigen as being from the pathogen.

. v

Fig. 8.6. Counter current immunoelectrophoresis

8.5 Single Radial Immunodiffusion (SRID)
8.5.1 Introduction

It is a technique for quantitating soluble proteins that involves placing the
solution to’ be measured into a well cut into an agar or agarose gel containing
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antiserurn specific for the protein. As the solution to be measured diffuses out or uie
well, it complexes with the antiserum and forms a ring, the size of which is

proportional to the quantity of soluble prntéin in the well. Abbreviated SRID, Also
known as Mancini method.

This is a technigue that is in routine use in hnsﬁi;a] labs to measure such things
as the concentration of IgG, IgM and IgA in a patient’s seram. A small amount of
agar is melted and cooled to just above its set point. Antisera to human IgG is added
to the agar which is mixed and poured onto a small plate, often about the size of
a microscope slide, Small holes (1-2 mm diameter) are cut in the gel about 2 cm
apart. The well (hole) is filled with serum or a known amount of IgG, and the plate
is covered and allowed to stand for 24 hours (sometimes less). As the IgG diffuses
out of the well, it reacts with the anti-lgG in the agar and precipitates. The precipitate
is white and can be seen in the clear agar as a white circle around the well. (It is
sometimes stained with a blue dye to make it even more visible.) The diameter of
the circle is directly proportianal to the concentration of IgG in the sample. A .
standard curve is'made using known concentrations of IgG, and the concentration

of the unknown is determined by comparison of the size of the circle with the
standard curve,

8.5.2 Protocol

1. Align the Ab-agar slide so that the cut away comer of the gel is in the upper
right corner. Use the micropipets to fill the wells, The liquid will fill the
pipet by capillary action. The gel will draw the liquid out of the pipet.

2. Fill the first well on the LEFT
almost level to the agar surface with Tg' 'zgﬂ l%n I%n

L |
the test serum. Do Not Overfill. 13G Standards

3. In the same mannet, fill the remaining 3 wells, left to right with the 3 reference
sera. Identify each well. Do not refill these wells! this test measures how
much igg is present in the test serum and the volume must be the same for

*all of the wells in order for the results to be accurate.

4, Carefully place the agar slide back in the humidity box. They will be returned
after 24 hours,

5. At the next lab period, use the millimeter ruler to measure the diameter of
each precipitin ring.
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6. Determine the concentration _
of the unknown test serum Test 1@ - :
: ! Concentration
by drawing a. Standard g - /
. ; : W _ -
Curve—plotting the known 1 | S S
concentrations of the % /: Text Ring
; = [E ey
reference sera. versus their - i /
)
diffusion diameters on 2- _ !
cycle semi-log paper (see DIAMETER OF RING (mm)

example).

7. The plot of the reference sera data should give a STRAIGHT LINE, and the
concentration of the-IgG in the test serum can be accurately determined.

Diamteters

-Ag Concentration

Fig. 8.7 Graphica! representation of SRID

8.6 Agglutination reactions

The ineraction between antibody and a particulate antigen results 1n visible
clumping called aggiutination. The agglutination reaction is similar in principle to
the precipitation reaction. Just as antibody excess inhibits precipitation reactions, an
rxcess of antibody inhibits agglutination reactions; this inhibition, called the prozone
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effect, can be caused by several mechanisms, First, high levels of antibody increase
the likelihood that a single antibody molecule will bind to two or more epitopes on

a single particulate antigen rather than cross-linking epitopes on two or mere’

particulate antigens. The prozone effect can also occur at high concentrations of
antibodies that bind to the antigen but do not induce agglutination: these antibodies,
called incomplete antibodies, are ofign of the IgG class, At high concentrations of
IgG, incomplete antibodies may occupy all of the antigenic sites, thus blocking
access by IgM, which is a good agglutinator. The lack of agglutinating activity of
an incomplete antibody may be due to restricted flexibility in the: hinge region,
making it difficult for the antibody to assume the required angle for optimal cross-
linking of epitopes on two or more particulate antigens. Alternatively, the density of
epitope distribution or the location of some epitopes in deep pockets of a particulate
antigen may make it difficult for antibodies, specific for these epitopes, to agglutinate

certain particulate antigens, '

8.6.1 Hemagglutination

Agglutination reactions are routinely pBrform:d to type red blood cells (RBCs).
In typing for the ABO antigens, RBCg are mixed on a glide with antisera to the A
and B blood-group antigens. If the antigen is present on Lhe_m:ils, they agglutinate,
forming a visible clump on the slide. Determination of which antigens are present

Fig. 8.8 IgM medisted Agglutination : Fig, 8.9 Blood Group Testing
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on donor and recipient RBCs is the basis for matching blood types for transfusions,

At neutral pH, red blood cells are surrounded by a negative jon cloud that makes
the cells repel one another ; this repulsive force is called zeta potential. Because of
its size and pentameric nature, IgM can overcome the zeta potential and cross-link
red blood cells, leading to agglutination, The smaller gize and bivalency of IpgG
makes it less able to overcome the zeta potential. For this reason, IgM is more
effective than IgG in agglutinating red blood cells. Antibodies to some RBC anﬂgeﬁs
(e.g; the Rh antigen) are of the IgG class exclusively. In order to agglutinate Rl
red blood cells with anti-Rh antibody, the zeta potential must be reduced. This is
commonly done by placing the red blood cells in serum, which has a high net
negative charge that reduces the effect of the negative ion cloud surrounding the red
cells, thus allowing anti-Rh antibody to agglutinate Rh* cells,
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Fig. 8.10 Hemagglutination
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8.6.2 Bacterial a_gglutiﬁatinn

A bacterial infection often elicits the production of serum antibodies specific for
surface anligens of the bacterial cells. The presence of such antibodies can be
detected by bacterial agglutination reactions, Serum from a patient thought to be
infected with a given bacterium is serially diluted in a series of tubes to which the
bacteria is added, The last tube showing visible agglutination will refiect the serum
antibody titer of the patient, The agglutination titer is defined as the reciprocal of
the last serum dilution that elicits a positive agglutination reaction, For example, if
serial two fold dilutions of serum are prepared and if the dilution of 1/640 shows
agglutination but the dilution of 1/1280 does not, then the agglutination titer of the
patient'’s serum is 640. For some bacteria high-titer serum can be diluted up to
150,000 and still show agglutination,

The agglutination titer of an antiserum can be used to diagnose a bacterial
infection, Patients with typhoid fever, for example, show a significant rise in the
agglutination titer to Salmonella ryphi. Agglutination reactions also provide a way
to type bacteria. For instance, different species of the bacterium Salmonella can be
distinguished by agglutination reactions with a panel of typing antisera.

8.6.3 Passive spglutination

The sensitivity and simplicity of agglutination reactions can be extended to
soluble antigens by the technique of passive agglutination. In this technique, a
soluble antigen is mixed with red bldod cells that have been treated with tannic acid
or chromium chloride, both of which promote adsorption of the antigen to the
surface of the cells, Serum containing antibody is serially diluted into microtiter
plate wells, and the antigen-coated red blood cells are added to each well;
agglutination is assessed by the size of characteristic spread pattern of agglutinated
red blood cells on the bottom of the well, '

Passive heragglutination is far more sensitive than precipitin reactions and can
detect antibody concentrations as low as 0,.001pg/ml. the sensitivities of precipitation
and hemagglutination can be compared by testing an antiserum to hen ovalbumin
in a tube-precipitation reaction and in passive hemagglutination with ovalbumin-
coated red blood cells, Dilution of the antiserum by 1:5 results in loss of precipitation
ability, whereas the antiserum still functions in passive agglutination out to a dilution
of 1:10,000. Antigen can also be coupled to particles of latex or the mineral colloid
bentonite. L
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8.6.4 Agglutination inhibition

A modification of the agglutination assay, cailcd agglutination inhibition, is a
highly sensitive assay to detect small quantities of an antigen. One type of pregnancy
test uses latex particles coated with human chorionic gonadotropin (HCG) and
antibody to HCG. The addition of vrine from a pregnant woman, which containg
HCG, inhibits agglutination of the latex particles, and so the absence of agglutination
indicates pregnancy. Agglutination inhibition can also be used to determine if an
individual is using certain types of illegal drugs such as cocaine or heroin, A urine
or blood sample containing the suspected drug is first incubated with antibody
specific for the drug. Then red blood cells or other particlés coated with the drug
are added. If the red blood cells are not agglutinated by the antibody, then it suggests
that the individual may have been using the illicit drug. One problem with these
tests is that some legal drugs have chemical structures similar to those of illicit
drugs, and these legal drugs may crossreact with the antibody giving a false positive

reaction. For this reason a positive reaction must be confirmed by a nonimmunologic
method.

Agglutination inhibition is also widely used in clinical laboratories to determine
if an individual has been exposed to certain types of viruses that cause agglutination
of red blood cells. If an individual's serum contains specific antiviral antibodies, then
the antibodies will bind to the virus and interfere with hemagglutination by the virus.
The reciprocal of the last serum dilution to show inhibition of rubella hemagglutination
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Fig. 8.11 : A typical IHA Plate showing RBC agglutination

204



is the titer of the serum, A titer greater than 10 (1 : 10 dilution) indicates that a woman
is immune to rubella, whereas a titer of less than 10 1s indicative of a lack of immunity
and the need of immunization with the rubella vaccine.

8.7 Enzyme Linked Immunosorbant Assay (ELISA)
8.7.1 Process of ELISA

Enzyme-Linked ImmunoSorbent Assay, or ELISA, is a biochemical technique
used mainly in immunology to detect the presence of an antibody or an antigen in
a sample. The ELISA has been used as a diagnostic tool in medicine and plant
pathology, as well as a quality control check in various industries, In simple terms,
in ELISA an unknown amount of antigen is affixed to a surface, and then a specific
antibody is washed over the surface so that it can bind to the antigen. This antibody
is linked to an enzyme, and in the final step a substance is added that the enzyme
can convert to some détectable signal. Thus in the case of fluorescence ELISA,
when light is shone upon the sample, any antigen/antibody complexes will fluorésce
so that the amount of antigen in the sample can be measured.

Pérforming an ELISA involves at least one antibody with specificity for a
particular antigen. The sample with an unknown amount of antigen is immobilized
on a solid support (usvally a polystyrene microtiter plate) cither non-specifically
(via adsorption to the surface) or specifically (via capture by another antibody
specific to the same antigen, in a “sandwich” ELISA). After the antigen is immobilized
the detection antibody is added, forming a complex with the antigen. The detection
antibody can be covalently linked to an enzyme, or can itself be detécted by a
secondary antibody. which is linked to an enzyme through bioconjugation, Between
each step the plate is typically washed with a mild detergent solution to remove any
proteins or antibodies that are not specifically bound. After the final wash step the
plate is developed by adding an enzymatic substrate lo produce a visible signal,
which indicates the quantity of antigen in the sample. Older ELISAs utilize
chromogenic substrates, though newer assays employ [luarogenic substrates with
much higher sensitivity. '

8.7.2 Types

- A, Indirect ELISA : The steps of the general, “indirect" ELISA for determining
serum antibody concentrations are :

1. Apply a sample of known antigen of known concentration to a surface, often
the well of a microtiter plate. The antigen is fixed to the surface to render it
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immobile. Simple adsorption of the protéin to the plastic surface is usually
sufficient. These samples of known antigen concentrations will constitute a
standard curve used to calculate antigen concentrations of unknown samples.
Note that the antigen itself may be an antibody.

2. The plate wells or other surface are then coated with scrum samples of unknown
antigen concentration, diluted into the same buffer used for the antigen
standards. Since antigen immobilization in this step is due to non-specific
adsorption, it is important for the total protein concentration to be similar to
that of the antigen standards,

3. A concentrated solution of non-interacting protein, such as Bovine Serum
Albumin (BSA) or casein, is added to all plate wells. This step is known as
blocking, because the serum proteins block non-specific adsorption of other
proteins to the plate,

4. The plate is washed, and a detection antibody specific to the antigen of

- Interest is applied to all plate wells. This antibody will only bind to immobilized
antigen on the well surface, not to other serum proteins or the blocking
proteins, i

5. The plate is washed to remove any unbound detection antibody. After this
wash, only the antibody-antigen complexes remain attached to the well.

6. Secondary antibodies, which will bind to any remaining detection antibodies,
are added to the wells. These secondary antibodies are conjugated to the
substrate-specific enzyme. This siep may be skipped if the detection antibody
1s conjugated to an enzyme. .

7. Wash the plate, so that excess unbound enzyme-antibody conjugates are
removed. =

8. Apply a substrate which is converted by the enzyme to elicit a chromogenic
or fluorogenic or elegtrochemical signal,

9. View/quantify the result using a spectrophotometer, spectrofluorometer, or
other optical/electrochemical device.

The enzyme acis as an amplifier; even if only few enzyme-linked antibodies
remain bound, the enzyme molecules will produce many signal molecules. A major
disadvantage of the indirect ELISA is that the method of antigen immobilization is
non-specific; any proteins in the sample will stick to the microtiter plate well, so small
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concentrations of analyte in serum must compete with other serum proteins when
binding to the well surface, The sandwich ELISA provides a solution to this problem.

ELISA may be run in a qualitative or quantitative format. Qualitative results
provide a simple positive or negative result for a sample. The cutoff between positive
and negative is determined by the analyst and may be statistical. Two or three times
the standard deviation is often used to distinguish positive and negative samples, In
quantitative ELISA, the optical density or fluorescent units of the sample is
interpolated into a standard curve, which is typically a serial dilution of the target.

B. Sandwich ELISA : In sandwich ELISA (1) Plate is coaled with a capture
antibody; (2) sample is added, and any mntigen present binds to capiure antibody,
(3) detecting antibody is added, and binds to antigen; (4) enzyme-linked secondary
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antibody is added, and binds to déiecﬁng antibody; (5) substrate is added, and is
converted by enzyme to detectable form.

A less-common variant of this technique, called “sandwich™ ELISA, is used to’
detect sample antigen. The steps are as follows:

1. Prepare a surface to which a known quantity of capture antibody is bound.
Block any non specific binding sites on the surface,

Apply the antigen-containing sample to the plate.

Wash the plate, so that unbound antigen is removed.

Apply primary antibodies that bind specifically to the antigen,

Apply enzyme-linked secondary mtiboﬂies which are specific to the primary
antibodies,

7. Wash the plate, so that the unbound antibody-enzyme conjugates are removed.

8. Apply a chemical which is converted by the enzyme into a color or fluorescent
or electrochemical signal, :

oM oEom N
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9. Measure the absorbance or fluorescence or electrochemical signal (e.g., current)
of the plate wells to determine the presence and quantity of antigen,

The image to the right includes the use of a secondary antibody conjugated to
an enzyme, though technically this is not necessary if the primary antibody is
conjugated to an enzyme. However, use of a secondary-antibody conjugate avoids
the cxpensive process of creating enzyme-linked antibodies for every antigen onc
might want to detect. By using an enzyme-linked antibody that binds the Fe region
of other antibodies, this same enzyme-linked antibody can be used in a variety of
situations. The major advantage of a sandwich ELISA is the ability to use crude or
impure samples and still selectively bind any antigen that may be present, Without
the first layer of “capture”™ antibody, any protéins in the sample (including serum
proteins) may competitively adsorb to the plate surface, lowering the quantity of
antigen immobilized. '
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C. Competitive ELISA : A third use of ELISA is through competitive binding, The
steps for this ELISA are somewhat different than the first two examples:
I. Unlabeled antibody is incubated in the presence of its antigen,

2. These bound antibody/antigen complexes are then added to an antigen coated
well. tis '
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3. The plate is washed, so that unbound antibody is removed, (The moye antigen
in the sample, the less antibody will be able to bind to the antigen in the well,
hence “competition.”) '

4, The secondary antibody, specific (o the primary antibody is added. This second
antibody is coupled to the enzyme.
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5. A substrate is added, and remaining enzymes elicit a chromogenic or
fluorescent signal.

The purpose of an ELISA is to determine if a partichlar protein is present in a
sample and if so, how much, There are two maijn variations on this method: you can
determine how much antibody is in a sample, or you can determine how much
protein is bound by an antibody, The distinction is whether you are trying to quantify
an antibody or some other protein. In this example, we will use an ELISA to
determine how much of a particular antibody is present in an individuals blood,
ELISAs are performed in 96-well plates which permits high throughput results. The
bottom of each well is coated with a protein to which will bind the antibody you
want fo measure, Whole blood is allowed to clot and the cells are centrifuged out
lo obtain the clear serum with antibodies (called primary antibodies). The serum is
incubated in a well, and each well contains a different serum (see figure below). A

positive control serum and a negative control serum would be included among the
96 samples being tested. Afier some time, the serum is removed and weakly adherent
antibodies are washed off with a series of buffer rinses. To detect the bound antibodies,
a secondary antibody is added 1o each well. The secondary antibody would bind to
all human antibodies and is typically produced in a rodent. Attached to the secondary
antibody is an enzyme such as peroxidase or alkaline phosphatase, These enzymes
can metabolize colorless substrates (sometimes called chromagens) into colored
products, After an incubation period, the secondary antibody solution is removed
and loosely adherent ones are washed off as before. The final step is the addition
Lire enzyme substrate and the production of colored product in wells with secondary
antibodies bound.When the enzyme reaction is complete, the entire plate is placed
into a plate reader and the optical density (i.e. the amount of colored product) is
determined for each well. The amount of color produced is proportional to the
amount of primary antibody bound to the proteins on the bottom of the wells,

8.8 Radio Immunoassay

8.8.1 Introduction

A highly sensitive and specific assay method that uses the competition between
radiolabeled and unlabeled substances in an antigen-antibody reaction to determine
the concentration of the unlabeled substance; it can be used to determine antibody
concentrations or fo determine the conceniration of any substance against which
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specific antibody can be produced, (Abbreviated RIA), RIA a scientific method
used to tes* antigens (for example, hormone levels in the blood) without the need
to use a bioassay. It involves mixing known quantities of radioactive antigen
(frequently labeled with gamma-radioactive isotopes of iodine attached to tyrosine)
with antibody to that antigen, then adding unlabeled or “'cold" antigen and measuring
the amount of labeled antigen displaced. Radioimmunoassay (RIA) is a sensitive
method for measuring very small amounts of a substance in the blood. Radioactive
versions of a substance, or isotopes of the substance, are mixed with antibodieg and
inserted in a sample of the patient’s blood, The same non-radioactive substance in
the blood takes the place of the isotope in the antibodies, thus leaving the radioactive
substance free. The amount of free isotope is then measured fo see how much of the
original substance was in the blood. This isotopic measuring method was developed
in 1959 by two Americans, biophysicist Rosalyn Yalow (1921-) and physician
Solomen A. Bersen (1918-1972). Yalow and Berson developed the first radioisotopic
technique to study blood volume and iodine metabolisra. They later adapted the
method to study how the body uses hormones, particularly insulin, which regulates
sugar levels in the blood. The researchers p. oved that Type II (adult onset) diabetes
is caused by the inefficient use of insulin. Previously, it was thought that diabetes
was caused only by a lack of insulin.In 1959 Yalow and Berson perfected their
measurement technique and named it radioimmunoassay (RIA). RIA is exiremely
sensitive. It can measure one trillionth of a gram of material per milliliter of blood.
Because of the small sample required for measurement, RIA quickly became a
standard laboratory tool. i '

As an example of how this technique works, let's apply it to insulin, To measure
insulin, the first step is to mix known amounts of radioisotope-tagged insulin and
antibodies. These combine chemically. Next, a small amount of the patient’s blood
is added. The insulin contained in the blood displaces some of the tagged insulin.
The free-tagged insulin is then measured with isotope detectors and the patient’s
insulin level is ealculated. '

RIA has many uses, including narcotics (drug) detection, blood bank screening
for the hepatitis (a highly contagious condition) virus, early cancer detection,
measurement of growth hormone levels, tracking of the leukemia virus, diagnosis
and treatment of peptic ulcers, and research with brain chemicals called
neurotransmitters.
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8.8.2 Protocol _
Two following basic techniques arc used :
1. Competitive RIA
2. Excess reagent RIA

8.8.3 Competitive RIA

This technique is of common use. It is performed as follows :

A constant amount of antibody (known) to. the antigen fo be assayed is added
to a series of tubes. A small amount of Radio labelled antigen plus increasing
amounts of unlabelled antigen are then added to the tubes. After a period of incubation

, the antibody bound (labeled & unlabelled) antigen is separated from the free or
unbmmd antigen by one of the several methods such as precipitation by 50% saturated
ammonivm sulfate, or by anti-globulin. The amount of radioactivity of precipitate
(bound labelled antigen) and of supematant (free labelled antigen) are determined. A
graph is plotted to shoe relationship of amount of unlabelled antigen added to the
ratio of bound& free labelled antigen. From this curve the concentration of unknown
antigen in test sample can be determined by determining the ratio of bound & free
labelled antigen in test procedure performed by adding test ‘sample to the tube
containing antibody & labelled antigen in amounts used for preparing graph.This
technique has been used to measure levels of many antigens, drugs, hormones ete
in human body fluids. '

8.8.4 Excess reagent RIA

In excess reagent technique the antibody. is usually labelled and used in excess
concentration. Analyte is measured by determining the radioactivity in the ::nnjugate
Which is separated as dﬁscnbcd in competitive KIA,

8.8.5 Solid phase RIA

Polystyrene microlitre plates or beads are used as solid phase. Wells or beads
are coated with specific antibodies to the antigen to be assayed. These are treated
with specific antibodies to the antigen to be assayed. These are treated with test
sample and then with radio labelled antibodies in known but excess amount, The
absorbed radioactivity is measured & compared with similar activity in similar test
with negative control, samples with residual counts 2.1 times or greater than that on
negative control are considered positive. Similarly known antibodies can be detected
by using antigen coated wells
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8.8.6 Detection of antibodies by solid phase RIA
A. Competitive binding RIA

The solid phase is coated with known antigen & then treated with mixture of
test sample & known amount of labelled antibody. The radioactivity of bound labelled
antibody is determined. It is inversely proportional to the amount of antibody in the
test sample.

B. Blocking or Inhibition RIA ) -

) In this method the test sample is first incubated with known quantity of antigen,
then the mixture is transferred to solid phase coated with antibodies & treated with
labelled antibodies. The amount of labelled antibodies will be less if the test sample

contains less antibodics compared with negative control a reductien in counts of
40% or more is considered as posifive.
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Unit 9 O Fluorochrome and Immunofluorescence

Structure
9.1 Iniroduction
9.2 Flow Cytometry

9.3 The Fluorescence-activated cell éorting—FACS
94 References

9.1 Introduction

A fluorophore, in analogy to a chromophore, i1s a component of a molecule
which causes a molecule to be fluorescent. It is & functional group in a molecule
which will absorb energy of a specific wavelength and re-emit energy at a different
(but equally specific) wavelength. The amount and wavelength of the emitted energy
depend on both the fluorophore and the chemical environment of the fluorophore,
This technology has particular importance in the field of biochemistry and protein
studies, eg. in immunofluorescence and immunohistochemistry.

It was shown by Albert coon in 1944 that antibodies could be with fluorescent
dye "or fluorochrome to detect specific antigens, If antibodies are tagged with
fluorochromes, immune complexes bearing these lebelled antibodies can be detected
by fluorescence study using light of appropriate wavelength. Antibody molecules '
bound to specific antigens in cells and tissue can similarly be visualized, In this
immunofluorescence technique some commonly used fluorochromes are given bellow, -

Fluorescein

A fluorescing dye, an acid fluorochrome, that is the most widely used label for
immunofluorescence procedure, The fluorescence of this molecule is very high, and
excitation oceurs at 494 nm and emission at 521, Sodium salt of this compound is
used in solution to reveal corneal lesions and as a test of circulation in the retina
and extremities. The isothiocyanate derivative (FITC) is used for labeling of
immunoglobulins in various immunofluorescence techniques.

Rhodamine

This is another organic dye, absorbs in the yellow green range (515 nm) and
emits a deep red fluorescence (546 nm), Since this compound emits at alonger wave
length than fluorescein, it can be used in two colour immunofluorescence assay.
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Phycoerythrin is an efficient absorber of light and a brilliant emitter of red
fluorescence, stimulating its use as a label for immundfluorescence.

- Eosin is a fluorescent red dye resulting from the action of bromine on fluorescein,

It can be used to stain cytoplasm, colldgen and muscle fibers for examination under
the microscope.

There are many fluorescein derivatives, for example fluorescein isothiocyanate,
often abbreviated as FITC. FITC is the original fluorescein molecule functionalized
with an isothiocyanate group (-N=C=8), replacing a hydrogen atom on the bottom
ring of the structure. This derivative is reactive towards amine groups on proteins
inside cells. A succinimidyl-ester functional group attached to the fluorescein core,
creating NHS-fluorescein, forms another common amine reactive derivative,

A newer generation of fluorochromes such as the Alexa Fluors and the DyLight

Fluors are generally more photostable, brighter, and less pH-sensitive than other
standard dyes of comparable excitation and emission.

9.2 Flow Cytometry

Flow cytometry is a method for quantitating components or structyral features
of cells primarily by optical means, It is a technique for counting, examining and
sorting microscopic particles suspended in a stream of fluid, Flow cytometry allows
simultaneous multiparametric analysis of the physical and/or chemical characteristics
of single cells flowing through an optical/electronic detection apparatus. Although
it makes measurements on one cell at a time, it can process thousands of cells in
a few seconds. Since different cell types can be distinguished by quantitating structural
features, flow cytometry can be used to count cells of different types in a mixture,

9.2.1 Principles of flow cytometry

Flow cytometers involve sophisticated fluidics, laser optics, electronic detectors,
analog to digital converters, and computers, In flow cytometry analysis a beam of
light (usually laser light) of a single frequency is directed onto a hydrodynamically
focused stream of monodisperse suspension of cells. Each suspended cell, passing
through the beam, scatters the light in some way, and fluorescence chemicals in the
cell may be excited into emitting light at a lower frequency than the light source.
A number of detectors are aimed at the point where the stream passes through the

- light beam; one in line with the light beam (Forward Scatter or FSC) and several
perpendicular to it (Side Scatter (SSC) and one or more fluorescence detectors).
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This combination of scattered and fluorescence light is picked up by the detectors
in flow cytometry. By analyzing fluctuations in brightness at each detector it is
possible-to deduce various facts about the physical and chemical structure of each
individual particle.

Light scatter alone is often quite useful, It is commonly used to exclude dead
cells, cell aggregates, and cell debris from the fluorescence data. It is sufficient to
distinguish lymphocytes from monocytes from granulocytes in blood leukocyte
samples. Fluorescence intensities are typically measured at several different
wavelengths sirultaneously for each cell, Fluorescent probes are used to report the
quantities of specific components of the cells,

9.2.2 Applications |

Following parameters can be monitored using flow cytometry :

1. volume and morphological complexity of cells
cell pigments
DNA (cell cycle analysis, cell kingtics, proliferation etc.)
chromosome analysis and sorting (library construction, chromosome paint)
proteins, cell' surface antigens (CD markers)
intracellular antigens (various cytokines, secondary mediators etc.)
nuclear antigens, enzymatic activity

I R o

pH, intracellular jonized calcium, magnesium, membrane potential, membrane
fluidity : :

9. apoptosis, cell viability, monitoring electropermeabilization of cells

10. characterising multi-drug resistance (MDR) in cancer cells

11. various combinations (DMNA / surface antigens etc.)

The most numerous flow cytometers aie those used for complete blood cell
counts in clinical laboratories, these do not employ fluorescence. More versatile
research instruments employ fluorescence, hence may be distinguished as flow
cytofluorometers. Ploidy and cell cycle analysis of cancers is the major diagnostic
use. Lymphomas and leukemias are intensively studied for surface markers of
diagnostic and prognostic value, Although less expensive alternative technologies
are under development, until the present time, flow cytometry has been the method
of choice for monitoring CD4 lymphocyte levels in the blood of AIDS patients.
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9.3 The Fluorescence-activated cell snrﬂng—FACS

9.3.1 FACS basics

The acronym FACS stands for Fluorescence-Activated Cell Sorting (aka.
Fluorescence-Assisted Cell Sorting). It is a type of flow cytometry in which a
heterogeneous population of suspended cells are characterized and separated based
upon the intensity of fluorescence they emit while passing single file throngh an
illuminated volume, FACS was the first flow cytometric technology.

9,3.2 Fluorescence-activated cell snrﬂng prineiples

The process begins hy placing the cells labeled with a fluorescent dyc. into a
flask and forcing the cells to enter a small
nozzle one at a time (fig. 9.1). The dye is
coupled to'a monoclonal antibody and
binds to those cells coated with the antigen
for which the antibody is specific. The
cells travel down the nozzle which is.
vibrated at an optimal frequency (at some
40,000 cycles per second) to produce
40,000 discrete droplets each second at
fixed distance from the nozzle. As the cells
flow down the stream of liquid, they are
scanned by a laser (blue light in figure
9.1). Just before the stream breaks into
droplets the flow . passes through a
fluorescence measuring station where the
fluorescence character of interest of cach
cell is measured. As each labeled cell
passes through the beam, its resulting
fluorescence is detected by a photocell.
Some of the laser light is scattered (red
cone emanating from the red cell) by the
cells and this is used to count the cells. ¥ Iy :
This scattered light can also be used to Fig: 9.1, mﬂiﬁ?ﬁmﬁm Til':ﬁer g
measure the size of the cells. An eleetrical of green antibodies, though not every

charging ring is placed just at the point cell expresses the epitope and therefore
:  some are nol tagged either color.
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where the stream breaks info droplets. A charge is placed on the ring based on the
immediately prior fluorescence intensity measurement and the opposite charge is
trapped on the droplet as it breaks from the stream. The droplets retain this charge
-as they pass between a pair of charged metal plates. The positively-charged drops
are attracted to the negatively-charged plate and vice versa. Uncharged droplets
(those that contain no cell or a cell that fails to meet the desired criteria of {luorescence
and size) pass straight into a third container and are later discarded. This apparatus
can sort as many as 300,000 cells per minute. The cells are not damaged by the
process. In fact, because the machine can be set to ignore droplets containing dead
cells, the percent viability of the sorted cells can be higher than that in the original
suspension.

The separation of a subpopulation of cells can be done by tagging those of
interest with an antibody linked to a fluorescent dye. The antibody is bound to a
protein that is uniquely expressed in the cells of interest. The laser light excites the
dye which emits a color of light that is detected by the photomultiplier tube, or light
detector. By collecting the information from the light (scatter and ﬂuc:-re:scu:nca} a
computer can determine which cells are to be separated and collected,

9.3.3 Quantifying FACS data
FACS data collected by the computer can be digplayed in two different ways.
What we want to know is how many

500 cells of each color were sorted, In
the first example (Fig. 9.2), we see

>, 400 the intensity of the green or red
E 200 fluorescence is plotted on the X-axis
2 and the number of cells with each
o 200 level of flourescence is plotted on
H the Y-axis. In this example, there
100 were twice as many red cells sorted

as green or unlabeled: cells, but the

3 0 100 1000 level of light was greater from the
Intensity - green cells than the red cells. This

Fig. 9.2 Quantifying FACS data. This graph shows the Mecthod is best if all cells are either
number of cells (X-axis) and level of fluor-  green, red or unlabeled and no cells
escence emitted (Y-axis) by the labeled cells, are labeled both colors,
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Common FACS applications

FACS can be used to distinguish living versus dead célls, different types of cells
(i.e. WBC's), isolate cells for Cloning or PCR, separating sperm for gender selection,
or for identifying apoptotic cells.

9.3.5 Separating living from dead célls by FACS

Dead cells are permeable to ethidium monoazide (EMA), a chemical that can
enter the cell and bind to the DNA under a fluorescent lamp. As the FACS is run,
cells containing EMA (dead) are separated out.
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1.1 Introduction

Bioinformatics is an emerging discipline and has applications in frontline areas
of biotechnology like proteomics, genomics analysis, drug design, gene therapy,
diagnostics, crop improvement, biochemical process etc. Bioinformatics has become
a frontiline applied science and is of vital importance to study new ‘binl'ngy which
is widely recognized as the new scientific endeavour of the twenty first century. The
growth in full genomic sequencing, structural genomics, proteomics, micro-array
etc. will be very slow without application of bioinformatics,

Bioinformatics and computational biology thus involve the use of techniques
including applied mathematics, informatics, statistics, computer science, artificial
intelligence, chemistry, and biochemistry to solve biological problems usually on
the molecular level. Research in computational biology often overlaps with systems
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biology, Major research efforts in the field include sequence alignment, gene finding,
genome assembly, protein structure alignment, protein structure prediction, prediction
of gene expression and protein-protein interactions, and the modeling of evolution.

The terms bicinformatics and computational biology are often used interchangeably,
However bioinformatics more properly refers to the creation and advancement of
algorithms, computational and statistical techniques, and theory to solve formal and
practical problems arising from the management and analysis of biological data,
Computational biology, on the other hand, refers to hypothesis-driven investigation
of a specific biological problem using computers, carried out with experimental or
simulsted data, with the primary goal of discovery and the advancement of biological
knowledge. Put more simply, bioinformatics is concerned with the information while
computational biology is concerned with the hypotheses.

10.2 Avenues

Sequence nnalyls—-ﬂeqnmcé alignment and Sequence database

Since the Phage (-X174 was sequenced in 1977, the DNA sequences of hundreds
of organisms have been decoded and stored in databases. The information is analyzed
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to determine genes that encode polypeptides, as well as regulatory sequences. A
comparison of genes within a species or between different species can show
similarities bet'~en protein functions, or relations between species (the use of
molecular systematics to construct phylogenetic trees), With the growing amount of
data, it long ago became impractical to analyze DNA sequences manually, Today,
computer programs are used to search the genome of thousands of organisms,
containing billions of nucleotides. These 'pmgra'ms would compensate for mutations
(exchanged, dn:le_,téd or inserted bases) in the DNA sequence, in order to identify
sequences that are related, but not identical. A variant of this sequence alignment
is used in the sequencing process itself. The so-called shotgun sequencing technique
(which was used, for example, by The Institate for Genomic Research to sequence
the first bacterial genome, Haemophilus influenzae) does not give a sequential list
of nucleotides, but instead the sequences of thousands of small DNA fragments
(each about 600-800 nucleotides long). The ends of these fragments overlap and,
when aligned in the right way, make up the complete genome. Shotgun sequencing
yields sequence data quickly, but the task of assembling the fragments can be quite
complicated for larger genomes, Another aspect of bioinformatics in sequence analysis
is the automatic search for genes and regulatory sequences within a genome, Not
all of the nucleotides within a genome are genes. Within the genome of higher
organisms, large parts of the DNA do not serve any obvious purpose. This so-called
Junk DNA may, however, contain unrecognized functional elements. Bioinformatics

. helps 1o bridge the gap between genome and proteome projects—for example, in the

use of DNA sequences for protein identification,
Genome annotation

In the context of genomics, annotation is the process of marking the genes and
other biological features in a DNA sequence, The first genome annotation software
system was designed in 1995 by Dr. Owen White, who was part of the team that
sequenced and analyzed the first genome of a free-living organism to be decoded,
the bacterium Haemophilus influenzae. Dr. White built a software system to find the
genes (places in the DNA sequence that encode a protein), the transfer RNA, and
other features, and to make initial assignments of function to those genes. Most

current genome annotation systems work similarly, but the programs available for

analysis of genomic DNA are constantly changing and improving.
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10.3 Computational evolutionary biology

Evolutionary biology is the study of the origin and descent of species, as well
as their change over time, Informatics has assisted evolutionary biologists in several
key ways; it has enabled researchers to .

% trace the evolution of a large number of organisms by measuring changes in

their DNA, rather than through physical taxonomy or physiological
observations alone,

* more recently, compare entire genomes,' which permits the study of more
complex evolutionary events, such as gene duplication, lateral gene transfer,
and the prediction of factors important in bacterial speciation,

¥ build complex computational models of populations to predict the outcome of
the system over time

"% track and share information on an increasingly large number of species and
organisms

The area of research within computer science that uses geneftic algorithms is
sometimes confused with computational evolutionary biology, but the two areas are
unrelated,

10.4 Measuring biodiversity

Biodiversity of an ecosystem might be defined as the total genomic complement
of a particular environment, from all of the species present, whether it is a biofilm
in an abandoned mine, a drop of sea water, a scoop of soil, or the entire biosphere
of the planet Earth. Databases are used to collect the species names, descriptions,
distributions, genetic information, status and size of populations, habitat needs, and
how- each organism interacts with other species. Specialized software programs are
used to find, visualize, and analyze the information, and most importantly,
communicate it to other people. Computer simulations model such things as
population dynamics, or calculate the cumulative genetic health of a breeding pool
(in agriculture) or endangered population (in conservation). One very exciting potential
of this field is that entire DNA sequences, or genomes of endangered species
can be preserved, allowing the results of Nature’s genetic experiment to be
remembered in silico, and possibly reused in the future, even if that species is
eventually lost.
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10.5 Analysis of gene expression

The expression of many genes can be determined by measuring mRNA levels
with multiple techniques including microarrays, expressed cDNA sequence tag (EST)
sequencing, serial analysis of gene expression (SAGE) tag sequencing, massively
parallel signature sequencing (MPSS), or various applications of multiplexed in-situ
hybridization. All of these techniques are extremely noise-prone and/or subject to
bias in the biological measurement, and a major research area in computational
biology invalves developing statistical tools lo separate signal from noise in high-
throughput gene expression studies, Such studies are often used to determine the
genes implicated in a disorder: one might compare microarray data from cancerous
epithelial cells to data from non-cancerous cells to determine the transcripts that are
up-regulated and down-regulated in a particular population of cancer cells.

10.6 Analysis of regulation

Rtgulaﬁﬂn is the complex orchestration of events starting with an extracellular
signal such as a hormone and leading to an increase or decrease in the activity of
one or mere proteins, Bicinformatics techniques have been appiied to explore various
steps in this process. For example, promoter analysis involves the identification and
study of sequence motifs in the DNA surrounding the coding region of a gene,
These motifs influence the extent to which that region is transcribed into mRNA.
Expression data can be used to infer genc regulation: one might compare microarray
data from a wide variety of states of an organism to form hypotheses about the
genes involved in each state, In a single-cell organism, one might compare stages

~of the cell cycle, along with various stress conditions (heat shock, starvation, etc.).

One can then apply clustering algorithms to that expression data to determine which
genes are co-expressed. For example, the upstream regions (promoters) of
co-expressed genes can be searched for over-represented regulatory elements.

10.7 Analysis of protein expression

Protein microarrays and high throughput (HT) mass spectrometry (MS) can
provide a snapshot of the proteins present in a biological sample. Bioinformatics is
very much involved in making sense of protein microarray and HT MS data; the
former approach faces similar problems as with microarrays targeted at mRNA, the
latter involves the problem of matching large amounts of mass data against predicted

4



masses from protein sequence databases, and the complicated statistical analysis of
samples where multiple, but incomplete peptides from each protein are detected.

10.8 Analysis of mutations in cancer

~ In cancer, the genomes of affected cells are rearranged in complex or even
unpredictable ways. Massive sequencing efforts are used to identify previously
unknown point mutations in a variety,6f genes in cancer. Bioinformaticians continue
to produce specialized automated systems to manage the sheer volume of sequence
data produced, and they create new algorithms and software to compare the
sequencing results to the growing collection of human genome sequences and germ
line polymorphisins. New physical detection technology are employed, such as
oligonucleotide microarrays to identify chromosomal gains and losses (called
comparative genomic hybridization), and single nucleotide polymorphism arrays to
detect known point mutations. These detection methods simultaneously measure
several hundred thousand sites throughout the genome, and when used in high-
throughput to measure thousands of samples, generate terabytes of data per
experiment. Again the massive amounts and new types of data generate new
opportunities for bioinformaticians. The data is often found to contain considerable
variability, or noise, and thus Hidden Markov model and change-point analysis
methods are being developed to infer real copy number changes. Another type of

data that requires novel informatics development is the analysis of lesions found to

be recurrent across many fumors.

10.9 Prediction of protein structure -

_ Protein structure prediction is another important application of bioinformatics.
The amino acid sequence of a protein, the so-called primary structure, can be easily
determined from the sequence on the gene that codes for it. In the vast majority of
cases, this primary structure uniquely determines a structure in its native environment,
- (OFf course, therc are exceptions, such as the bovine spongiform encephalopathy—
aka Mad Cow Disease - prion.) Knowledge of this structure is vital in understanding
the function of the protein. For lack of better terms, structural information is usually
classified as one of secondary, tertiary and quaternary structure. A viable general
solution to such predictions remains an open problem, As of now, most efforts have
been directed towards heuristics that work most of the time.One of the key ideas in
bioinformatics is the notion of homology. In the genomic branch of bioinformatics,
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homology is used to predict the function of a gene: if the sequence of gene A, whose
function is known, is homologous to the sequence of gene B, whose function is
unknown, one could infer that B may share A's function, In the structural branch of
bioinformatics, homology is used to determine which parts of a protein are important
in structure formation and interaction with other proteins. In a technique called
homology modeling, this information is used to predict the structure of a profein
once the structure of a homologous protein is known. This currently remains the
only way to predict protein structures reliably. One example of this is the similar
protein homology between hemoglobin in humans and the hemoglobin in legumes
(leghemoglobin), Both serve the same purpose of transporting oxygen in the organism,
Though both of these proteins have completely different amino acid sequences, their
protein structures are virtually identical, which reflects their near identical purposes,

10.10 Comparative genomics

The core of comparative genome analysis is the establishment of the
correspondence between genes (orthology analysis) or other genomic features in
different organisms. It is these inter genomic maps that make it possible to trace the
evolutionary processecs responsible for the divergence of two genomes, A multitude

. of evolutionary events acting at various organizational levels shape genome evolution,

At the lowest level, point mutations affect individual nucleotides. At g higher level,
large chromosomal segments undergo duplication, lateral transfer, inversion,
transposition, deletion and insertion. Ultimately, whole genomes are involved in
processes of hybridization, polyploidization and endosymbiosis, often leading to
rapid speciation, The complexity of genome evolution poses many exciting challenges
to developers of mathematical models and algorithms, who have recourse to a
spectra of algorithmic, statistical and mathematical techniques, ranging from exact,
heuristics, fixed parameter and approximation algorithms for problems based on
parsimony models to Markov Chain Monte Carlo algorithms for Bayesian analysis
of problems based on probabilistic models.Many of these studies are based on the
homology detection and protein families computation, ‘

10.11 Modeling biological systems

Systems biology involves the use of computer simulations of cellular subsysiems
(such as the networks of metabolites and enzymies which comprise metabolism,
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signal transduction pathways and gene regulatory networks) to both analyze and

visualize the complex connections of these cellular processes. Artificial life or virtual

evolution attempts to understand evolutionary processes via the computer simulation
of simple (artificial) life forms,

10.12 High-throughput image analysis

Computational technologies are used to accelerate or fully automate the
processing, quantification and analysis of large amounts t}f'hi,gh—infnnnaﬁun—mntent
biomedical imagery. Modem image analysis systems augment an observer's ability
to make measurements from a large or complex set of images, by improving accﬁracy.
objectivity, or speed. A fully developed analysis system may completely replace the
observer, Although these systems are not unique to biomedical imagery, biomedical
imaging is becoming more ‘important for both diagnostics and research. Some
examples are ;

# High-throughput and high-fidelity quantification and sub-cellular localization
(high-content screening, cytohistopathology)

Morphometrics

Clinical image analysis and visualization

Determining the real-time air-flow patterns in breathing lungs of living animals
Quantifying occlusion size in real-time imagery from the development of and
recovery during arterial injury

* Making behavioral observations from extended video recordings of laboratory
animals,

* % X %

¥

* Infrared measurements for metabolic activity determination.

10.13 Prptehl-;pmtein docking

In the last two decades, tens of thousands of protein three-dimensional structures
have been determined by X-ray crystallography and Protein nuclear magnetic
resonance spectroscopy (protein NMR). One central question for the biological
scientist is whether it is practical to predict possible protein-protein interactions
only based on these 3D shapes, without doing protein-protein interaction experiments,
A variety of methods have been developed to tackle the Protein-protein docking
problem, though it seems that there is still much place to work on in this field,
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10.14 Advantage of bioinformatics

The publication of Atlas of protein sequences and structures By M Dayhoff
et al. in 1965 paved the way for the rapid growth of protein databases, Protein
sequence databases consist of protein sequences and information about protein stored.
Some of the major universal databases are listed in table 1

Search Engine Content url

Swiss-Prot Expertly curated protein WWW, eXpasy.org/sprot
sequence database

PIR-PSD Protein information resource | www.pir.georgetown.edu

ExProt Sequences of proteins with www. cmbikun,nl/ ExProt
experimentally verified fnction

NCBI - Protein databasze all protein www.nebinlm.nih.gov/entrez
SEQUENCES

RefSeq NCBI reference sequence www. nchi.nlm. nih.gov/RefSeq
database

MIPS Mammalian protein pratc:iﬁ www. mips.gsf.de

: interaction database _ _

UniProt Universal protein knowledge | www. uniprot.org
database

10.15 Application / Case study

Venomous animal produces a myriad of important pharmacological components.
The individual components or venoms (toxins) are used in ion channel and receptor
studies, drug discovery and formation of insecticides. The toxin data are scattered
across public databases which provide sequence and structural descriptions, but very
limited functional annotation. The exponential growth of newly identified toxin data
has created a need for better data management. Venom informatics is a systematic
bioinformatics approach in which classified consolidated and cleaned venom data
are stored in to repositories and integrated with advanced bioinformatics tools for
the analysis of structure and function of toxins.

Information describing venom tmun sequences and the fcamres, structures and
function of venom toxins is scaftercd across multiple sources. Primary databases
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such as GenBank or SWISS- PROT contain only basic sequence information. Each

entry contains the toxin sequence, its name, taxonomy of (he source organism, a list
of features and references.

For example all snake vencm phospholipase A, ( svPLA,) toxin entries in the
Gene Bank and SWISS PROT databases. The structural database PDB contains 3D
information of approximately 200 venom toxins (as of Nov 2002). To our knowledge
only three specialized venom databases are curvently available as major resources
for the study of venom toxins. The databases contain entries collected from different
sources cleaned organized, analyzed and classified according to their structure function
relationship. The SCORPION database of ncarly 300 entries of scorpion toxin
sequence are annotated and classified according to their strctural and functional
properties. The MOLLUSK data base contains more than 450 peptides from the
cone snail venoms where each entry has a unique field 1o facilitate comparison of
conotoxin entries.

These entire search data base commonly used bicinformatics methods for
analyzing venom toxin data for

Phylogentic analysis.
Multiple sequence alignments,
3D structure analysis,
Homology modeling.
Evolutionary interpretation

* % % % * *

(Genomic interpretation

Hence application of bioinformatics is important in the field of toxinology
because venom-toxins are functionally diverse but belong to a limited number of
structural famnilies, they are ideal for application of data mining techniques for
discovery of previously unknown relationship among data. Thus venom informatics
lessons will be useful for study of diverse types of active peptides. -
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